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Preface

The purpose of this book is to give an easily accessible introduction to the finite
element method as a general method for the numerical solution of partial
differential equations in mechanics and physics covering all the three main
types of equations, namely elliptic, parabolic and hyperbolic equations. The
main part of the text is concerned with linear problems, but a chapter
indicating extensions to some nonlinear problems is also included. There is
also a chapter on finite element methods for integral equations connected with
elliptic problems. The book is based on material that I have used in
undergraduate courses at Chalmers University of Technology, Géteborg. The
first half of the book (Chapters 1-7), which treat elliptic problems in a rather
standard way, is a translation of a textbook in Swedish that appeared 1981
[J1]. Two chapters on parabolic and hyperbolic problems present recent
developments based on my work on discontinuous Galerkin and streamline
diffusion type finite element methods using, in particular, finite elements for
the time discretization as well. For first order hyperbolic problems these are
the first finite element methods with satisfactory properties and thus show
promise of extensive applications. For parabolic problems, time-discretization
by the discontinuous Galerkin method gives new efficient methods and makes
a precise error analysis with associated automatic time step control possible
for the first time.

The emphasis of the text is on mathematical and numerical aspects of the
finite element method but many applications to important problems in
mechanics and physics are also given. I have tried to keep the mathematics
as simple as possible while still presenting significant results and maintaining
a natural mathematical framework. Lately I have used the text of the book
as part of the material in a series of undergraduate courses on partial
differential equations leading up to graduate level treating in integrated form
both mathematical questions on existence and regularity together with
numerical methods. I have found this to be a fruitful approach where, on one
hand the numerical methods can be given the necessary mathematical
background, and on the other hand, the fascinating and important techniques
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of solving differential equations numerically using computers can give crucial
motivation for the theoretical mathematical studies. In fact, the numerical and
mathematical aspects are intimately connected and the new possibilities of
computer simulation makes proper understanding of the mathematical
structure and properties of the mathematical models very important also in
applications. In the present book only a bare minimum of mathematical
background is included and the reader is referred to the literature for a more
complete account.

The list of references is limited and many contributions important for the
development of the various subjects have been omitted. I have given just a
few references leading into the very rich literature on finite element methods.

I want to thank Prof Raymond Chandler for revising the English, Tekn Lic
Peter Hansbo for supplying most of the numerical results and Dr Kenneth
Eriksson for reading parts of the material. Special thanks also to Mrs Yumi
Karlsson who swiftly typed a first version of the text and with great patience
helped me with seemingly endless alterations and corrections.

Goéteborg in July 1987

Claes Johnson



0. Introduction

0.1 Background

The mathematical models of science and engineering mainly take the form
of differential or integral equations. With the rapid development of high speed
computers over the last decades the possibilities of efficiently utilizing these
models have dramatically increased. Using computer-implemented math-
ematical models, one can simulate and analyze complicated systems in
engineering and science. This reduces the need for expensive and time-
consuming experimental testing and makes it possible to compare many
different alternatives for optimization, etc. In fact, with the new possibilities
an intense activity has started in Computer Aided Design, Engineering and
Manufacturing (CAD, CAE and CAM) which is bringing revolutionary
changes to engineering science and practice, and a new scientific field
“scientific computing” is emerging as a complement to theoretical and
experimental science.

To use mathematical models on a computer one needs numerical methods.
Only in the very simplest cases is it possible to find exact analytical solutions
of the equations in the model, and in general one has to rely on numerical
techniques for finding approximate solutions. The finite element method
(FEM) is a general technique for numerical solution of differential and integral
equations in science and engineering. The method was introduced by
engineers in the late 50’s and early 60’s for the numerical solution of partial
differential equations in structural engineering (elasticity equations, plate
equations, etc). At this point the method was thought of as a generalization
of earlier methods in structural engineering for beams, frames and plates,
where the structure was subdivided into small parts, so-called finite elements,
with known simple behaviour. When the mathematical study of the finite
element method started in the mid 60’s it soon became clear that in fact the
method is a general technique for numerical solution of partial differential
equations with roots in the variational methods in mathematics introduced in
the beginning of the century. During the 60’s and 70’s the method was
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developed, by engineers, mathematicians and numerical analysts, into a
general method for numerical solution of partial differential equations and
integral equations with applications in many areas of science and engineering.
Today, finite element methods are used extensively (often integrated in CAD
or CAE-systems) for problems in structural engineering, strength of materials,
fluid mechanics, nuclear engineering, electro-magnetism, wave-propagation,
scattering, heat conduction, convection-diffusion processes, integrated cir-
cuits, petroleum engineering, reaction-diffusion processes and many other
areas.

0.2 Difference methods — Finite element methods

The basic idea in any numerical method for a differential equation is to
discretize the given continuous problem with infinitely many degrees of
freedom to obtain a discrete problem or system of equations with only finitely
many unknowns that may be solved using a computer. The classical numerical
method for partial differential equations is the difference method where the
discrete problem is obtained by replacing derivatives with difference quotients
involving the values of the unknown at certain (finitely many) points.

The discretization process using a finite element method is different. In this
case we start from a reformulation of the given differential equation as an
equivalent variational problem. In the case of elliptic equations this variational

~

problem in basic cases is a minimization problem of the form -
(M) Find ueV such that F(u)<F(v) for all veV,

where V is a given set of admissible functions and F:V — R is a functional (ie
F(v)eR for all veV with R denoting the set of real numbers). The functions
v in V often represent a continuously varying quantity such as a displacement
in an elastic body, a temperature, etc, F(v) is the total energy associated with
v and (M) corresponds to an equivalent characterization of the solution of the
differential equation as the function in V that minimizes the total energy of
the considered system. In general the dimension of V is infinite (ie the
functions in V cannot be described by a finite number of parameters) and thus
in general the problem (M) cannot be solved exactly. To obtain a problem
that can be solved on a computer the idea in the finite element method is to
replace V by a set Vy, consisting of simple functions only depending on finitely
many parameters. This leads to a finite-dimensional minimization problem
of the form:
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(My) Find upe Vy such that F(up)<k(v) for all veVy,.

This problem is equivalent to a (large) linear or nonlinear system of equations.
The hope is now that the solution uy, of this problem is a sufficiently good
approximation of the solution u of the original minimization problem (M),
ie, the original partial differential equation. Usually one chooses Vj, to be a
subset of V (in other words V<V, ie, if veVy then veV) and in this case
(My,) corresponds to the classical Ritz-Galerkin method that goes back to the
beginning of the century. The special feature of a finite element method as
a particular Ritz-Galerkin method is the fact that the functions in Vy are
chosen to be piecewise polynomial. As will be seen below, one may also start
from more general variational formulations than the minimization problem
(M); this corresponds e g to so-called Galerkin methods.

To solve a given differential or integral equation approximately using the
finite element method, one has to go through basically the following steps:

(i)  variational formulation of the given problem,

(ii) discretization using FEM: construction of the finite dimensional space
Vh,

(ili) solution of the discrete problem,

(iv) implementation of the method on a computer: programming.

Often there are several different variational formulations that may be used
depending eg on the choice of dependent variables. The choice of finite
dimensional subspace Vy, ie, essentially the choice of the finite element
discretization or the finite elements, is influenced by the variational formu-
lation, accuracy requirements, regularity properties of the exact solution etc.
To solve the discrete problem one needs optimization algorithms and/or
methods for the numerical solution of large linear or nonlinear systems of
equations. In this book we shall consider all the steps (i)—(iv) with (iv) kept
at an introductory level.

The advantage of finite element methods as compared with finite difference
methods is that complicated geometry, general boundary conditions and
variable or non-linear material properties can be handled relatively easily. In
all these cases one meets unneccessary artificial complications with finite
difference methodology. Further, the clear structure and versatility of the
finite element method makes it possible to construct general purpose software
for applications and there is also a large number of more or less general finite
element codes available. Also, the finite element method has a solid
theoretical foundation which gives added reliability and in many cases makes
it possible to mathematically analyze and estimate the error in the approxi-
mate finite element solution.

11



0.3 Scope of the book

The purpose of this book is to give an introduction to the finite element
method as a general technique for the numerical solution of partial differential
and integral equations in science and engineering. The focus is on mathemat-
ical and numerical properties of the method, but we also consider many
important applications to problems from various areas. An effort has been
made to keep the mathematics simple while still presenting significant results
and considering non-trivial problems of practical interest.

We will consider the three main types of partical differential equations, ie,
elliptic, parabolic and hyperbolic equations. To connect these types of
equations with problems in mechanics and physics, we recall that elliptic
equations model for example static problems in elasticity, parabolic equations
model time-dependent diffusion dominated processes, and hyperbolic
equations are used to describe convection or wave-propagation processes. We
also give an introduction to finite element methods for boundary integral
equations associated with elliptic boundary value problems in mechanics and
physics. These methods are referred to as boundary element methods (BEM).
We will mainly consider linear problems and only briefly comment on some
non-linear ones.

The material presented concerning elliptic problems is by now standard,
but for parabolic and hyperbolic problems we present recent developments
that have not earlier appeared in text books. With these later contributions
it is possible to give a unified treatment of the three main types of partial
differential equations as well as boundary integral equations. In all cases we
emphasize the basic role played by the stability properties of the finite element
method and the relation to the corresponding properties of the partial
differential or integral equation.

The book is an extended version of an earlier book in Swedish by the author
that has been used for several years in undergraduate courses for engineering
students at Chalmers University of Technology, Géteborg, Sweden, and also
at other Scandinavian universities.

The necessary prerequisites are relatively moderate: Basic courses in ad-
vanced calculus and linear algebra and preferably some acquaintance with the
most well-known linear partial differential equations in mechanics and
physics, such as the Poisson equation, the heat equation and the wave
equation. With some oversimplification we may say that the mathematical
tools used in the book reduce to the following: Green’s formula, Cauchy’s
inequality and elementary calculus and linear algebra.
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The problem sections play an importe‘nl role in the presentation and the
rcader is urged to spend time to solve the problems.

As a general reference giving a more detailed presentation of the material
in Chapters 1 to 5, we refer to [Ci] (see also [SF]). For variational methods
for partial differential equations in mechanics and physics, see e g [DL], [ET]
and [Ne].
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1. Introduction to FEM for elliptic
problems

In this chapter we introduce FEM for some elliptic model problems and study
the basic properties of the method. We first consider a simple one-dimensional
problem and then some two-dimensional generalizations.

1.1 Variational formulation of a one-dimensional
model problem
Let us consider the two-point boundary value problem

—u"(x)=f(x) for 0<x<1,

D) wo)=u)=0,
where v’ —dv and f is a given continuous function. By integrating the
X

equation —u”"=f twice, it is easy to see that this problem has a unique solution
u. We recall that the boundary value problem (D) can be viewed as modelling,
in particular, the following situations in continuum mechanics:

A An elastic bar

Consider an elastic bar fixed at both ends subject to a tangential load of
intensity f(x) (see Fig 1.1). Let o(x) and u(x) be the traction and tangential
displacement at x, respectively, under the load f. Under the assumption of
small displacements and a linearly elastic material, we have in the interval

0,1)

o =Eu’ (Hooke’s law),
—o' =f (equilibrium equation),
u(0)=u(1)=0  (boundary conditions),

14



where E is the modulus of elasticity. If we take here E=1 and eliminate o,
we obtain (D).

AN

ARSI\

u(x)

Fig 1.1

B An elastic cord

Consider an elastic cord with tension 1, fixed at both ends and subject to
transversal load of intensity f (see Fig 1.2). Assuming again small displace-
ments, we have that the transversal displacement u satisfies (D) (cf Problem

1.2).
lf
(%\ u(x)
v —

C Heat conduction

Fig 1.2

Let u be the temperature and q the heat flow in a heat conducting bar, subject
to a distributed heat source of intensity f. Assuming the temperature to be
zero at the end points, we have in the stationary case

—q =ku’ (Fourier’s law),
q =f (conservation of energy),

where k is the heat conductivity, which again gives (D) if k=1.

We shall now show that the solution u of the boundary value problem or
differential equation (D) also is the solution of a minimization problem (M)
and a variational problem (V). To formulate the problems (M) and (V) we
introduce the notation



1
(v,w)=g v(x)w(x)dx,

for real-valued piecewise continuous bounded functions. We also introduce
the linear space

V={v: v is a continuous function on [0,1], v’ is piecewise
continuous and bounded on [0,1], and v(0)=v(1)=0},
and the linear functional F: V— R given by

Hﬂ=%@@¢}{ﬂw.

The problems (M) and (V) are the following:

(M) Find ueV such that F(u)<F(v) VvevV,
(V) Find ueV such that (u’, v')=(f, v) VveV.

Let us notice that in the context of the problems A and B above, the quantity
F(v) represents the total potential energy associated with the displacement

veV. The term % (v', v') represents the internal elastic energy and (f,v) the

load potential. Thus, the minimization problem (M) corresponds to the
fundamental Principle of minimum potential energy in mechanics. Further the
variational problem (V) corresponds to the Principle of virtual work.

Let us now first show that the solution u of (D) also is a solution of (V).
To see this we multiply the equation —u”=f by an arbitrary function veV,
a so-called test funtion v, and integrate over the interval (0, 1) which gives

— W, H=(f, v).

We now integrate the left-hand side by parts using the fact that v(0)=v(1)=0
to get

—(u’, v)=—u'(1)v(1)+u'(0)v(0)+(u', v')=(u’, v'),
and we conclude that
(1.1) (u’, v')=(f, v) Vvev,

which shows that u is a solution of (V).

Next, we show that the problems (V) and (M) have the same solutions.
Suppose then first that u is a solution to (V), let veV and set w=v—u so that
v=u+w and weV. We have

F(v)=F(u+w)=% (u'+w', u'+w")—(f, u+w)
=% (u', u)—(f, u)+ (', w)—(f, w)+% (w', w)=F(u),
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since by (1.1), (u’, w')—(f, w)=0 and (w', w')=0, which shows that u is a
solution of (M). On the other hand, if u is a solution of (M) then we have
for any veV and real number €

F(u)<F(u+ev),

since u+eveV. Thus, the differentiable function
2
g(e)EF(u+ev)=—§— (u’', u')+e(u’, v’)+—82— (v, v)—(f, u)—e(f, v),

has a minimum at €¢=0 and hence g'(0)=0. But

g'(0)=(', v')=(f, v),

and we see that u is a solution of (V).
Let us also show that a solution to (V) is uniquely determined. Suppose then
that u; and u; are solutions of (V), ie, uy, uzeV and

(ug, v)=(f, v) VveV,
(uy, v)=(f, v) VveV.

Subtracting these equations and choosing v=u;—ueV, we get
1 !/ !
[ (u3—up)* dx=0,
0

which shows that
u(x)—wy(x)=(u1—up)'(x)=0  Vxe[0, 1].

It follows that (u;—up)(x) is constant on [0,1] which together with the
boundary condition u1(0)=uy(0)=0 gives uj(x)=uy(x), Vxe[0,1], and the
uniqueness follows.

To sum up, we have shown that if u is the solution to (D), then u is the
solution to the equivalent problems (M) and (V) which we write symbolically
as

(D)= (V)& (M).

Let us finally also indicate how to see that if u is the solution of (V) then u
also satisfies (D). Thus, we assume that ueV satisfies

1 1
fu'v'dx— [fvdx=0 VveV.
0 0

If we now assume in addition that u” exists and is continuous, then we can
integrate the first term by parts to get, using the fact that v(0)=v(1)=0,

17



1
— [(u"+f)vdx=0 VveV.
0

But with the assumption that (u”+f) is continuous this relation can only hold
if (cf Problem 1.1)

(u"+£)(x)=0 0<x<1,

and it follows that u is the solution of (D).

Thus we have seen that if u is the solution of (V) and in addition satisfies
a regularity assumpton (u” is continuous), then u is the solution of (D). It is
now possible to show that if u is the solution of (V), then u in fact satisfies
the desired regularity assumption and thus we have (V)= (D) which shows
that the three problems (D), (V) and (M) are equivalent (cf Section 1.5
below).

Problems
1.1 Show that if w is continuous on [0, 1] and

1
fwvdx=0 YveV,
0

then w(x)=0 for x€[0, 1].

1.2 Show that under suitable assumptions the problem B above can be
given the formulation (1.1).

1.2 FEM for the model problem with piecewise
linear functions

We shall now construct a finite-dimensional subspace Vy of the space V
defined above consisting of piecewise linear functions. To this end let
0=x0<x1. ..<xm<xm+1=1, be a partition of the interval (0,1) into subinter-
vals IJ:(XJ'—I’ Xj) of length hj=x;—xj-1, ji=1,. .., M+1 and set h=max h;.
The quantity h is then a measure of how fine the partition is. We now let V
be the set of functions v such that v is linear on each subinterval Ij, v is
continuous on [0,1] and v(0)=v(1)=0 (cf Fig 1.3).

18



Fig 1.3 Example of a function veV)

We observe that V,cV. As parameters to describe a function veVy we may
choose the values nj=v(x;) at the node points xj, j=0,. . ., M+1. Let us
introduce the basis functions @;eVy, j=1,. . ., M, defined by
. 1 ifi=j
Pixp)= {0 if i%], i, j=1,. ., M,
ie, @jis the continuous piecewise linear function that takes the value 1 at node
point x; and the value 0 at other node points (see Fig 1.4).

Fig 1.4 The basis function @;

A function veVy, then has the representation
M
v(x)= ,Zlﬂi(Pi(X), x€[0,1],
l=

where n;=v(x;), ie, each veVy can be written in a unique way as a linear
combination of the basis functions ;. In particular it follows that Vy, is a linear
space of dimension M with basis {¢;} M.

The finite element method for the boundary value problem (D) can now
be formulated as follows:

19



(My) Find upeVy such that F(up)<F(v) VveVy.

In the same way as above for the problems (M) and (V), we see that (M},)
is equivalent to the finite-dimensional variational problem (V4): Find u,€eVy,
such that

(1.2) (up', v)=(f, v) VveVy.

Thus the finite element method for (D) can be formulated as (V) or
equivalently (Myp). The problem (V4) is usually referred to as Galerkin’s
method and (My) as Ritz’ method. We observe that if upeVy, satisfies (1.2),
then in particular

(1.3) (un’, @)=, @j) =1, .., M,

and if these equations hold, then by taking linear combinations, we see that
up satisfies (1.2). Since

M
up(x)= _21 Eigi(x), Ei=un(x),
i=
we can write (1.3)
M .
(1.4) ElEi(CPi', @i )=(f, @) =1 ..., M,
which is a linear system of equations with M equations in M unknowns
€1, . . ., EM- In matrix form the linear system (1.4) can be written as
(1.5) AE=D,
where A=(ajj) is the MXM matrix with elements a;j=(¢i’, ;'), and where
E=(E1, . . ., Em) and b=(by, . . ., by) with bj=(f, ;) are M-vectors:
ajy . .amM &1 by
A=| . C|,E=| - |.,b=| .
aMmi - - aMM EM bm

The matrix A is called the stiffness matrix and b the load vector, with
terminology from early applications of FEM in structural mechanics.

The elements aj;=(qi’, ;') in the stiffness matrix A can easily be computed:
We first observe that (g;’, @;')=0 if [i—j|>1 since in this case for all xe[0,1]
either @;(x) or @j(x) is equal to zero. Thus, the matrix A is tri-diagonal, ie,
only the elements in the main diagonal and the two adjoining diagonals may
be different from zero. We have for j=1,. . ., M,

20



X1 Xi+1 1 1 1

(9, ) =) —dx+ | dx = —+——
xi_1 0 Xj hij+ hj hj
and for j=2,. .., M,
/ ! / ’ XJ 1 1
(@i, ®:-1) = (@j-1, @j) =— — dx=— —.
] ] J ) Xj—lhj2 h]

Note also that the matrix A is symmetric and positive definite since

M
(%', ;")=(®j’, ¢i") and with V(X)=-217]j(Pj(X), we have
]=

M
X
i, j=

M M
@ @m=(Z mie', Z migg)=(v', v1)=0,
with equality only if v'=0, that is since v(0)=0 only if v=0, or n;=0 for j=1,
.. ., M. We recall that a symmetric MXM matrix S=(s;;) is said to be positive
definite if

MEZ

n-Sn=

1, ]

n;sijn;>0 VneRM, n#0,
1

where the dot denotes the scalar product in RM. We also recall that a
symmetric matrix S is positive definite if and only if the eigenvalues of S are
strictly positive.

Since a positive definite matrix is non-singular it follows that the linear
system (1.5) has a unique solution. We also note that A is sparse, ie, only
a few elements of A are different from zero (A is tridigagonal). This very
important property depends, as we have seen, on the fact that a basis function
@;j of Vy, is different from zero only on a few intervals and thus will interfere
only with a few other basis functions. The fact that the basis functions may
be chosen in this way is an important distinctive feature of the finite element
method.

In the special case of a uniform partition with hj=h =M—1—1 the system
(1.5) takes the form +

T2 =1 0. . . 0 [&] =]
bt 2 <1 o :
(1:6) o -1, 2, ", .«
. 0 '.. . .O
A
0. - -0 -1 2 |eM |bM
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After division by h this may be interpreted as a variant of a standard difference
method for (D) where the elements of the right hand side bj/h are mean values
of f over the intervals (xj-1, Xj+1) (cf Problem 1.4).

To sum up, we have seen that the finite element method (V4) for (D) leads
to a linear system of equations with a sparse, symmetric and positive definite
stiffness matrix.

Problems

1.3 Construct a finite-dimensional subspace Vy, of V consisting of functions
which are quadratic on each subinterval I; of a partition of I=(0, 1).
How can one choose the parameters to describe such functions? Find
the corresponding basis functions. Then formulate a finite element
method for (D) using the space Vi and write down the corresponding
linear system of equations in case of a uniform partition.

1.4  Formulate a difference method for (D) and compare with (1.6).
1.5 Consider the boundary value problem

dhu_
(1.7) dx*
u(0)=u'(0)=u(l)=u’(1)=0.

, O<x<1,

Here u represents e g the deflection of a clamped beam subject to a
transversal force with intensity f (see Fig 1.5).

—~
Z Tf (x)
Iu (x) 7

(a) In mechanics this beam problem would naturally be formulated as
follows:

Fig 1.5

(1.8a) M=u", 0<x<l,
(1.8b) M'=f,  0O<x<l,
(1.8¢)  u(0)=u’(0)=u(l)=u'(1)=0.

What does here the quanity M represent and what is the mechanical
interpretation of (1.8a—c)?
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(b) Show that the problem (1.7) can be given the following variational
formulation: Find ueW such that
(u”, v)=(f, v) VveW,

where W={v: v and v’ are continuous on [0,1], v" is piecewise
continuous and v(0)=v'(0)=v(1)=v'(1)=0}.

(c) For I=[a, b] an interval, define

P3(I)={v: v is a polynomial of degree<3 on I, ie, v has the form
v(x)=a3x3+arx*+a;x+ag, xel where ajeR}.

Show that veP3(I) is uniquely determined by the values v(a), v'(a),
v(b), v'(b). Find the corresponding basis functions (the basis function
corresponding to the value v(a) is the cubic polynomial v such that
v(a)=1, v'(a)=0, v(b)=v'(b)=0, etc).

(d) Starting from (c) construct a finite-dimensional subspace Wy, of W
consisting of piecewise cubic functions. Specify suitable parameters to
describe the functions in Wy and determine the corresponding basis
functions.

(e) Formulate a finite element method for (1.7) based on the space Wh,.
Find the corresponding linear system of equations in the case of a
uniform partition. Determine the solution in eg the case of two
intervals and f constant. Compare with the exact solution.

1.3 An error estimate for FEM for the model
problem

We shall now study the error u—uy, where u is the solution of (D) and uy, is
the solution of the finite element problem (V4,), ie, upeVy and uy satisfies
(1.2). The proof is based on the following equation for the error:

(1.9) ((u=uyp)’, v')=0 VveVy.

This follows by recalling that (u’, v')=(f,v), VveV, so that in particular since
VhcV

(1.10) (u’, v)=(f, v) VveVy.
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Subtracting (1.2) from (1.10) we obtain (1.9).
We shall use the notation

1
lIwll=(w, w)2=(J wxdx)";
0

||-|| is the norm associated with the scalar product (.,.). We also recall
Cauchy’s inequality:
(111 v, wi=|IvI] Iwll.

We shall prove the following estimate for u—uy, which shows that in a certain
sense uy 1 the best possible approximation to the exact solution u.

Theorem 1.1. For any veVy we have

[l (u=up)[[<ll(u=v)'[l.

Proof Let veVy, be arbitrary and set w=up—v. Then weVy, and using (1.9)
with v replaced by w, we get, using Cauchy’s inequality also,

|[(u=—up)'[[>=((u—up)’, (u—up))+((u—uy)’, w')
=((u—uy)’, (u—up+w))=((u—up)’, (u-v)")
<|[(u=up)'[| [[(u=v)']].

Dividing by [|(u—up)’|| we obtain the statement of the theorem (if
||(u—uy)’||=0, then the theorem clearly holds). O

From Theorem 1.1 we can obtain a quantitative estimate for the error
||(u—uy)’|| by estimating ||(u—ay)’|| where @neVy is a suitably chosen
function. We shall choose iy, € V}, to be the interpolant of u, ie, Gy, interpolates
u at the nodes Xj, i€,

h(x))=u(x;) 1=0,. .., M+1.

Fig 1.6 The interpolant i,
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Itis casy to sce (cf any basic course in numerical analysis or Problem 4.1 below)
that if G,eVy, is chosen in this way, then for 0<x=<1,
(1.12) lw'(x)—@p(x)|< h max [u(y)],

O=sy=<l1

~ h2 "
(1.13) |u(x)—n(x)|< — max |u"(y)|.
8 o<y<t
Using (1.12) and Theorem 1.1 we now obtain the following estimate for the
derivative of the error u—uy:

(1.14) |[(u—up)'||< horgjlgllu”(Y)l-

Since (u—uy)(0)=0 we obtain from (1.14) by integration the following
estimate for the error itself (cf Problem 1.6):
(1.15) lu(x)—up(x)|< h maxllu”(y)l for 0<x<I.

sys
We observe that this latter estimate is less sharp than the estimate (1.13) for
the interpolation error where we have a factor h2. With a more precise analysis
it is possible to show that in fact also the finite element method gives a factor
h? for the error u—uy, (cf also Problem 1.19 below).

Let us note that the quantity u’, representing a deformation or a force in
Examples A and B above, is usually of more (or at least no less) practical
interest than the quantity u itself, representing in these cases a displacement.
Thus the estimate (1.14) is of independent interest and not just a step on the
way to an estimate of u—uy,.

Let us also notice that to prove (1.14) we do not need to concretely construct
G (which would require knowledge of the exact solution u); we only have to
be able to give an estimate of the interpolation error, for instance of the form
(1.12), (1.13).

To sum up, by Theorem 1.1 we have the qualitative information that
||(u—up)’]| is ““as small as possible” and by using also the interpolation estimate
(1.12) we obtain the quantitative error estimate (1.14), which in particular
shows that the error tends to zero as the maximum length of the subintervals
I; tends to zero if u” is bounded on [0,1].

Problem
1.6  Prove (1.15) using (1.14) and the boundary conditions
u(0)=up(0)=0. Hint: Use the relation

(u=up)(x)= ;f<u—uh>'(y>dy

together with Cauchy’s inequality.
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1.4 FEM for the Poisson equation

We will now consider the following boundary value problem for the Poisson
equation:

(1.16a) —Au=f in Q,
(1.16b) u=0 onT,

where Q is a bounded open domain in the plane R?={x=(x1, X2): x;eR} with
boundary I', f is a given function and as usual,
2 2
Au= ?_1_21 + E—a-—lzl-
axl 8X2

A number of problems in physics and mechanics are modelled by (1.16); u
may represent for instance a temperature, an electro-magnetic potential or
the displacement of an elastic membrane fixed at the boundary under a
transversal load of intensity f (see Fig 1.7 and compare also with problem B
of Section 1.1).

u/(x)

Fig 1.7

Let us now before continuing recall a certain Green’s formula which will
be of fundamental importance in what follows. Let us start from the divergence
theorem (in two dimensions):

[ div A dx=] A-nds,
Q r

where A=(Aj, Aj) is a vector-valued function defined on Q,

div =221, 942
ax1 aXZ
and n=(np, ny) is the outward unit normal to I'. Here dx denotes the element
of area in Ry and ds the element of arc length along I'. If we apply the

divergence theorem to A=(vw, 0) and A=(0, vw), we find that
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(1.17) fa w dx + fv—- dx= fvwnl ds, i=1,2.
a Q ax,

Denoting by Vv the gradient of v, ie, Vv= ( ov_ al) , we get from
8x1 8X2

(1.17) the following Green’s formula:

ov ow av ow ] dx
ax1 ax1 aX2 aX2

[Vv:-Vwdx=][
Q Q

Pﬁ ox1 £).9)

—fv = ds [ vAw dx,

Q
ie,
(1.18)  [Vv- Vw dx=[v ¥ ds— [vAw dx,
Q [ ©on Q
where
oW _ oW n1+aw n

on oM ).}

is the normal derivative, ie, the derivative in the outward normal direction
to the boundary I

We shall now give a variational formulation of problem (1.16). We shall
first show that if u satisfies (1.16), then u is the solution of the following
variational problem: Find ueV such that

(1.19) a(u, v)=(f, v) VveV,

where
a(u, v)= [ Vu- Vvdx= [ u v , Ou dv dx,
Q ol Ox19X1 Oxp 9Xxp
(f, v)=[fvdx,
Q

ov ov

V={v: v is continuous on Q, — and —— are piecewise
axl 8X2

continuous on Q and v=0 on I'}.

In exactly the same way as in Section 1.1, we see that ueV satisfies (1.19) if
and only if u is the solution of the following minimization problem: Find ue V
such that F(u)<F(v), VveV, where F(v) is the total potential energy

F(V)—— a(v, v)—(f, v).
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To see that (1.19) follows from (1.16) we multiply (1.16a) with an arbitrary
test function veV and integrate over Q. According to Green’s formula (1.18)
we then have
(f, VVy=—[Au vdx=~[ du, dx+ [Vu- Vv dx=a(u, v),
Q Qon Q

where the boundary integral vanishes since v=0 on I'. On the other hand, if
ueV satisfies (1.19) and u is sufficiently regular, then we see as in Section 1.1
that u also satisfies (1.16) (cf Problem 1.10).

Let us now construct a finite-dimensional subspace Vy, of V. For simplicity
we shall assume that T is a polygonal curve, in which case we say that Q is
a polygonal domain (if I' is curved we may first approximate I" with a polygonal
curve, see Chapter 12). Let us now make a triangulation of Q, by subdividing

Q into a set T,=Kj,. . ., Ky of non-overlapping triangles Kj,
Q= U K = KjUK;. . .UKy,
KeT,

such that no vertex of one triangle lies on the edge of another triangle (see
Fig 1.8)

Fig 1.8 A finite element triangulation

We introduce the mesh parameter

h=max diam (K), diam (K)=diameter of K=longest side of K.
KeT,

We now define Vj, as follows:

Vh={v: v is continuous on Q, v| is linear for Ke Ty, v=0 on T'}.
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Here v|k denotes the restriction of v to K, ie, the function defined on K
agreeing with v on K. The space Vy, consists of all continuous functions that
are linear on each triangle K and vanish on I'. We notice that Vh,cV. As
parameters to describe a function ve Vy we choose the values v(Nj) of v at
the nodes Nj, i=1,. . ., M, of Ty, (see Fig 1.8) but exclude the nodes on the
boundary since v=0 on I'. The corresponding basis functions @j€Vy,
j=1,. .., M, are then defined by (see Fig 1.9)

e _ [1 ifi=]
@j(N))=0;= {0 if i#] i, 1=1,.. ., M.

Fig 1.9 The basis function ¢;.

We see that the support of @; (the set of points x for which @;j(x)#0) consists
of the triangles with the common node N; (the shaded area in Fig 1.9). A
function veVy, now has the representation

M
v(x)= X nje;i(x), nj=Vv(N;), for xeQUT.
=1

We can now formulate the following finite element method for (1.16)
starting from the variational formulation (1.19): Find uy€Vy, such that
(1.20) a(up, v)=(, v) VveVy.

Exactly as in Section 1.2 we see that (1.20) is equivalent to the linear system
of equations

(121)  AE=b,
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where A=(ajj), the stiffness matrix, is an MXM matrix with elements
ajj=a(qp;, @;) and E=(;), b=(b;) are M-vectors with elements E=up(N;),
bi=(f, q)i).

Clearly A is symmetric and as in Section 1.2 we see that A is positive definite
and thus in particular non-singular so that (1.21) admits a unique solution &.
Moreover, A is again sparse; we have that a;;=0 unless N; and N; are nodes
of the same triangle.

In the same way as in Section 1.2 we realize that u,eVy is the best
approximation of the exact solution u in the sense that

(1.22) || Vu—Vuyl||<||Vu- V|| VveVy,
where

I1Vvll=a(v,v)"2 = ([|Vv|*dx)"2.
Q

In particular we have

(1.23)  |[Vu=Vu|[<]|Vu- Vi,

where 1y, is the interpolant of u, ie, 0,€V} and
ah(Nj)=u(N;j) i=1,..., M.

In Chapter 4 we prove that if the triangles KeTy, are not allowed to become
too thin, then

(1.24)  ||Vu=Vi||<Ch.

Here and below we denote by C a positive constant, possibly different at
different occurences, that does not depend on the mesh parameter h. In the
case (1.24) the constant C depends on the size of the second partial derivatives
of u and the smallest angle of the triangles KeTy,. One can also prove (see
Section 4.7) that

[lu—u/[=(J (u—upn)?dx)><Ch?
Q
with a similar dependence of C. In particular these estimates show that if the

exact solution u is sufficiently regular, then the error and the gradient of the
error u—uy, tend to zero in the norm || - || as h tends to zero.

Example 1.1. Let 2 be a square with side length 1 and let T}, be the uniform

triangulation of Q according to Fig 1.10 with the indicated enumeration of
the nodes of Ty,.
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N+1

1 2

N

Fig 1.10

Fig 1.11

In this case the linear system (1.21) reads as follows:

rowN+1[ 4 -1 0 -1 0 0] [&] = [b1].
-1 4 -1 0 -1 0 .
0O -1 4 -1 0 -1 .
-1 0 -1 4 -1 0 -1 0
(1.25) 0 ) 0 —1
.0 .. -1 0
. . -1 0 -1 4 -1
i 0 . . 0 -1 0 -1 4_ gM _t_)NL

Note that here the left-hand side of equation i is a linear combination of the
values of uy, at the S nodes indicated in Fig 1.10 with coefficients given in Fig
1.11. Dividing by h? we recognize this as the linear system obtained by
applying the so-called 5-point difference method for (1.16) with the com-
ponents of the right-hand side being weighted averages of f around the nodes
N; (cf Problem 1.7 below). O

The elements aj;=a(q;, @;) in the stiffness matrix A are usually in practice
computed by summing the contributions from the different triangles:

(1.26) a(@i, @j)= = ak(®i, 9j),
KeT,

where

ak (@i, q>j)=lf(chi- V @jdx.
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We notice that ag(gi, ¢;)=0 unless both nodes N; and N; are vertices of K.
Let Nj, Nj and Ni be the vertices of the triangle K. We call the 3X3-matrix

(1.27) ak (pi, ¢i) ak (i, j) ak (@i, Px)
ak(®j, ¥;) ak(®j, Px)
sym ak (Pk, Pk)

the element stiffness matrix for K. The global stiffness matrix A may thus be
computed by first computing the element stiffness matrices for each KeTy, and
then summing the contributions from each triangle according to (1.26). In a
corresponding way we compute the right-hand side b. This process of
computing A and b by summation is called the assembly of A and b.

To compute the elements in the stiffness matrix (1.27) we clearly work with
the restrictions of the basis functions @;, @; and @y to the triangle K. Denoting
these restrictions by v;, ; and Yy, we have that each v is a linear function
on K that takes the value one at one vertex and vanishes at the other two
vertices of K. We call y;, ¢; and i the basis functions on the-triangle K, cf
Fig 1.12. If w is a linear function on K, then w has the representation

w(x)=w(N) i)+ wND i) +wN(x),  xeK.

vy

Xq

Fig 1.12 The basis function vyj associated with K.

Problems
1.7  Formulate a difference method for (1.16) in the case when Q is a square
using the difference approximation
d%u _u(xg+h, x)—2u(xq, x)+u(x;—h, xy)

a—x%- (Xl s X2) 12

: . 32 .
and a corresponding approximation for —121 Compare with Example

1.1, X3
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1.8

1.9

1.10

1.11

Find the linear basis functions for the triangle K with vertices at
(0, 0), (h, 0) and (0, h). Show that the corresponding element stiffness
matrix (1.27) is given by

_
I 1 _1
2 2

1 1
—= 2 0

2 2
_1 0 1
| 2 2]

Using this result show that the linear system (1.25) of Example 1.1 has
the stated form.

Find the element stiffness matrix (1.27) for a general triangle K in
terms of the coordinates ai=(al, al), i=1, 2, 3, of the vertices of K.

Show that if ueV satisfies (1.19) and u is twice continuously differ-
entiable, then u satisfies (1.16).

Find the element stiffness matrix for the problem
—u"=f for 0<x<1, u(0)=u(1)=0,

if we use piecewise quadratic functions according to Problem 1.3. Then
determine the corresponding global stiffness matrix in the case of a
uniform subdivision. Can you interpret the resulting equations as
difference approximations of the equation —u"=f?

1.5 The Hilbert spaces Ly(Q), HY(Q) and H}(Q)

When giving variational formulations of boundary value problems for partial
differential equations, it is from the mathematical point of view natural and
very useful to work with function spaces V that are slightly larger (ie contain
somewhat more functions) than the spaces of continuous functions with
piecewise continuous derivatives used in the preceeding sections. It is also
useful to endow the spaces V with various scalar products with the scalar
product related to the boundary value problem. More precisely, V will be a
Hilbert space, (see below).
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Before introducing these Hilbert spaces let us recall a few simple concepts
from linear algebra: If V is a linear space, then we say that L is a linear form
on Vif L: V>R, ie, L(v)eR for veV, and L is linear, ie, for all v, weV
and f3, 6eR

L(Bv+06w)=BL(v)+06L(W).

Furthermore, we say that a(.,.) is a bilinear form on VXV if a: VXV— R,
ie, a(v, w)eR for v, weV, and a is linear in each argument, ie, for all u, v,
weV and 3, 6eR we have

a(u, Bv+6w)=pa(u, v)+0a(u, w),
a(fu+06v, w)=pa(u, w)+0a(v, w).

The bilinear form a(.,.) on VXV is said to be symmetric if

a(v,w)=a(w,v) Vv, weV.

A symmetric bilinear form a(.,.) on VXV is said to be a scal;zr\product on
V if
a(v, v)>0 VveV, v#0.
The norm || - || associated with a scalar product a(.,.) is defined by
l[vl]la=(a(v, v))12,  VveV.

Further, if <.,.> is a scalar product with corresponding norm || - ||, then we
have Cauchy’s inequality

(1.28)  [<v, wa[<|lv] [Iwl].

We further recall that if V is a linear space with a scalar product with
corresponding norm || - ||, then V is said to be a Hilbert space if V is complete,
ie, if every Cauchy sequence with respect to || - || is convergent. We recall that
a sequence vi, v, vs, . . ., of elements v; in the space V with norm |||| is said
to be a Cauchy sequence if for all €>0 there is a natural number N such that
|lvi—vjl|<e if i, j>N. Further, v; converges to v if |[v—vj|| - 0 asi — . The
reader unfamiliar with the concept of completeness may bypass this remark
and think of a Hilbert space simply as a linear space with a scalar product.

We now introduce some Hilbert spaces that are natural to use for variational
formulations of the boundary value problems we will consider. Let us start
with the one-dimensional case. If I=(a, b) is an interval, we define the space
of “square integrable functions” on I:

Ly(I)={v: v is defined on I and [vidx<}.
i

34



The space Ly(I) is a Hilbert space with the scalar product

(v, w)=Jvw dx,
I

and the corresponding norm (the L;-norm):

||V||L2(1)=(IfV2dX)1/2=(V, V)12,

By Cauchy’s inequality,

(v, W) <[ |V]|Lml WL,

we see that (v, w) is well-defined, ie, the integral (v, w) exists, if v and
weLa(I).

Remark. To really appreciate the definition of L,(I) and realize that this
space is complete requires some familiarity with the Lebesgue integral. In this
book, however, it is sufficient to get an idea of L;(I) by using the usual Rie-
mann integral; from this point of view we may think of a “typical” function
vel,(I) as a piecewise continuous function, possibly unbounded, such

that [vidx<ec. 0O
I

Example 1.2 We have that the function v(x)=x"F#, xeI=(0, 1) belongs to L,(I)
: 1

fB<=. O

if B 5

We also introduce the space H{(I)={v: vand v’ belong to L,(I)}, and we equip
this space with the scalar product

(v, w)a'm=J(vw+v'w')dx,
I

and the corresponding norm

[Iv] |H‘(1)=(If[v2+(v’)2]dx)1/2.

The space H!(I) thus consists of the functions v defined on I which together
with their first derivatives are square-integrable, ie, belong to Ly(I).

In the case of boundary value problems of the form —u”=f on I=(a, b) with
boundary conditions u(a)=u(b)=0, we shall use the space

H{(D)={veH!(I): v(a)=v(b)=0}

with the same scalar product and norm as for H(I).
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Our introductory boundary value problem

—u"=f on I=(0, 1),

(1.29) u(0)=u(1)=0,

can now be given the following variational formulation:
(1.30) Find ueH}(1) such that (u’, v')=(f,v)  VWveH}(I),

with (.,.) as in Section 1.1. If we compare (1.30) with the formulation (V)
in Section 1.1, we note that the space HJ(I) is larger than the space V used
in the formulation (V). The space H{(I) is specially tailored for a variational
formulation of (1.29) and is in fact the largest space for which a variational
formulation of the form (1.30) is meaningful. From a mathematical point of
view the “right” choice of function space is essential since this may make it
easier to prove the existence of a solution to the continuous problem. From
the finite element point of view the formulation (1.30) as opposed to (V) is
of interest mainly because the basic error estimate for the finite element
method is an estimate in the norm indicated by (1.30) (the H!(I)-norm).
Further, using the standard notation Ly(I), HI(T), H(l)(I) etc, we may give our
boundary value problems variational formulations in a concise way, as will
be seen below.
Now let Q be a bounded domain R4, d=2 or 3, and define

Ly(Q)={v: v is defined on Q and [vidx<o},
Q

ov

oXj

and introduce the corresponding scalar products and norms

HI(Q)={vely(Q):

ely(Q), i=1,. . ., d},

(v, W)=gf2VW dx, ||V|’L2(Q)=(£{v2dx)1/2,
(v, Wa(@)=[[vw+ Vv Vw]dx,

Q
||V| |H1(g)=(£[\ﬁ+, VV'zldx)l/z.

We also define
H{(Q)={veH!(Q): v=0 on I'},

where I is the boundary of Q and we equip H(l)(Q) with the same scalar product
and norm as HI(Q).
The boundary value problem
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—Au=f in Q,

(D) u=0 onT,

can now be given the following variational formulation:

(V) Find ueH}(Q) such that a(u,v)=(f,v) VveH)(Q),
or equivalently

(M) Find ueH}(Q) such that F(u)<F(v)  VveHL(Q),
where

F(v)=—;a(v,v)— (f,v),

a(u, v)=[Vu- Vvdx, (f,v)=[fv dx.
Q Q

Remark The formulation (V) is said to be a weak formulation of (D) and the
solution of (V) is said to be a weak solution of (D). If u is a weak solution
of (D) then it is not immediately clear that u is also a classical solution of (D),
since this requires u to be sufficiently regular so that Auis defined in aclassical
sense. The advantage mathematically of the weak formulation (V) is that it
is easy to prove the existence of a solution to (V), whereas it is relatively
difficult to prove the existence of a classical solution to (D). To prove the
existence of a classical solution of (D) one usually starts with the weak solution
of (D) and shows, often with considerable effort, that in fact this solution is
sufficiently regular to be also a classical solution. For more complicated, e g
non-linear problems, it may be extremely difficult or practically impossible
to prove the existence of classical solutions whereas existence of weak
solutions may still be within reach. [

Problems
1.12  Let Q={xeR2%|x|<1}. Show that the function v(x)=|x|® belongs to
HY(Q) if 0>0.

1.13  Prove Cauchy’s inequality (1.28).

1.14  Consider the problem corresponding to (D) with an inhomogeneous
boundary condition, ie, the problem

—Au=f in Q,

(1.31) u=ug onT,

where f and uj are given. Show that this problem can be given the
following equivalent variational formulations:
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(V) Find ueV(ug) such that a(u,v)=(f,v)  VveH}(Q),
(M) Find ueV(ug) such that F(u)<F(v) VveV(up),

where
V(ug)={veH(Q): v=up on T'}.

Then formulate a finite element method for (1.31) and prove an error
estimate.

1.6 A geometric interpretation of FEM

We shall now give an interpretation of the finite element method in geometric
terms in the function space H)(Q). We recall that two elements v and w in
a linear space with scalar product <.,.> are said to be orthogonal if
<v, w>=0.

Let us for simplicity consider the following variant of our previous problem
(1.16):

—Au+u=f in Q,

(1.32) u=0 onT,

(cf Problem 2.5 below). The corresponding variational problem reads: Find
ueH}(Q) such that

éVu- Vvdx+g£uv dx=(f, v) YveHL(Q),

Soor

(1.33) <u, v>=(f, v) YveH}(Q),
using the notation
<u, v>=[[Vu- Vv+uv]dx.
Q
Note that <.,.> is in fact the scalar product in the space H(l,(Q).
Let Vy, be a finite-dimensional subspace of H(Q), e g the space of piecewise

linear functions of Section 1.4, and consider the following finite element
method for (1.32): Find upeVy, such that

(1.34) <up, v>=(f,v) VveVyp.
Since V,cH}(Q) we may choose veVy, in (1.33) and on substraction from

(1.34), we obtain
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(1.35) <u—up, v>=0 VveVy,

ie the error u—uy, is orthogonal to Vy with respect to <.,.>. We may also
express this fact as follows: The finite element solution uy, is the projection
with respect to <. ,.> of the exact solution u on Vy, ie, uy, is the element in
Vi closest to u with respect to the HY(Q)-norm || - ||mi(), or in other words

(1.36) |’u—uh||H1(Q)SHu—VHH1(Q) VveVy.

This situation is symbolically illustrated in Fig 1.13 where HL(Q) is repre-
sented by the whole plane while the straight line through the origin represents
Vh.

Fig 1.13

According to (1.36), uy, is the best approximation of the exact solution u, in
the sense that for no other function veVy, is the error u—v smaller when
measured in the H(Q)-norm. We have seen that uy, can be found by solving
a linear system of equations with right hand side depending on the given
function f. Thus, we can compute a best approximation up of u, without
knowing u itself, knowing only that = Au+u=f in Q and u=0 on I'. This
remarkable fact reflects the ellipticity of the boundary value problem (1.32).

Problem ) .
1.15  Prove that (1.35) and (1.36) are equivalent (cf the proof of Theorem
1.1).
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1.7 A Neumann problem. Natural and essential
boundary conditions

We shall now consider a problem with another type of boundary condition,
namely the following Neumann problem (D):

(1.37a) — Au+u=f in Q
(1.37b) 8_u=g on T,
on

where again € is a bounded domain with boundary I" and %— denotes the
n

outward normal derivative to I'. The boundary condition is a Neumann
condition while the boundary condition u=ug on I' considered previously is
said to be a Dirichlet condition. In mechanics or physics the Neumann
condition (1.37b) corresponds to a given force or flow g on I'.

We can give the problem (1.37) the following variational formulation (V):
Find ueH!(Q) such that

(1.38) a(u, v)=(f, v)+<g, v> vveHY(Q),
where

a(u, v)=[[Vu- Vv+uv]dx, (f, v)=[ fv dx, <g, v>=[ gv ds.
Q Q r

This is equivalent to the following minimization formulation (M): Find
ueH!(Q) such that F(u)<F(v), VveH!(Q), where

F(v)=% a(v, v)—(f, v)—<g, v>.

To see that (1.38) follows from (1.37) we multiply (1.37a) with the test function
veH!(Q) and integrate over Q. According to Green’s formula (1.18), we then

. du
et, since —=gon I,
8 on 5on

(f, v)=[(-= Au+u)v dx=—{ ou, dx+ [ Vu- Vvdx+ fuv dx=
Q r on Q Q
=—<g, v>+f[Vu-'Vv+uv]dx=.a(u, v)—<g, v>,
Q

which proves (1.38).
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Let us now also motivate why a solution ue H!(Q) of the variational problem
(1.38) also should satisfy (1.37). Using Green’s formula again we find from
(1.38) that if u is sufficiently regular, then

(f, v)+<g, v>=a(u, v)=] ﬂlv dx+ [(— Au+u)v dx,
r on Q

so that, rearranging terms,
(1.39)  [(=Autu—f)v dx+ f%‘l—g)v ds=0  VveH\(Q).
Q r

Now, as (1.39) holds in particular for all v in H})(Q) and for these functions
the boundary term vanishes, we conclude that (1.37a) holds, ie,

—Au+u—f=0 in Q.
Thus (1.39) is reduced to

JEE-g)v ds=0 VveHY(Q).
r n

But varying now v over H!(Q), which means that v will vary freely on T, we
finally get

n g=0 on I,
and (1.37b) follows.

We note that the Neumann condition (1.37b) does not appear explicitly in
the variational formulation (V); the solution u of (V) is only required to belong
to H}(Q) and is not explicitly required to satisfy (1.37b). This boundary
condition is instead implicitly contained in (1.38); by first varying v “‘inside”’
Q2 we obtain (1.37a) and then (1.37b) by varying v on the boundary I'. Such
a boundary condition, that does not have to be explicitly imposed in the
variational formulation, is said to be a natural boundary condition. This is in
contrast to a so-called essential boundary condition, like the Dirichlet
condition u=0 on T in eg (1.32), that has to be explicitly satisfied in a
variational formulation of the form (1.33).

Let us now formulate a finite element method for the Neumann problem
(1.37). Let then T}, be a triangulation of Q as in Section 1.4 and define

Vp={v: v is continuous on Q, v|x is linear VKeTy}.

As parameters to describe the functions in Vi, we of course choose the values
at the nodes, now including also the nodes on the boundary I'. Note that the
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functions in Vy, are not required to satisfy any boundary condition and that
VhcHI(Q). By starting from (1.38) we now have the following finite element
method for (1.37): Find u,eVy, such that

(1.40) a(up, v)=(f, v)+<g, v> VveVy.

As in Section 1.4 we see that this problem has a unique solution uy, that can
be determined by solving a symmetric, positive definite linear system of
equations. We also have the following error estimate

|lu—up||n'@)<|[u—v|ln'@) VVveVy,
and hence as above
|[u—uy||H!(@)<Ch,
if u is regular enough. The function uy, will satisfy the Neumann condition

(1.37b) approximatly, ie, %‘ will be an approximation to g on I' (cf Problem
1.16). n

Remark When formulating a difference method for (1.37) one meets severe
difficulties due to the boundary condition (1.37b) unless Q has a very simple
shape such as a rectangle. On the other hand, in the finite element formula-
tion, the same boundary condition does not cause any complication. [

- Problems
1.16 Show that the problem
—u"=f on I=(0, 1),
u(0)=u’'(1)=0,

can be given the following variational formulation: Find ueV such that
(u’, v)=(f,v) VvevV,

where V={veH!(I): v(0)=0}. Formulate a finite element method for
this problem using piecewise linear functions. Determine the corre-
sponding linear system of equations in the case of a uniform partition
and study in particular how the boundary condition u'(1)=0 is
approximated by the method.

1.17 Show that the problems (M) and (V) of this section are equivalent.
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1.18 Let €2 be a bounded domain in the plane and let the boundary I' of

1.19

Q2 be divided into two parts I'; and I';. Give a variational formulation
of the following problem:

Au=f in Q,

u=uyg in Fl,
Su_ on I,
on

where f, up and g are given functions. Then formulate a finite element
method for this problem. Also give an interpretation of this problem
in mechanics or physics.

Consider the finite element method (1.2) for the model problem
(1.29). Let GijeH)(I) satisfy

(1.41) (v', G)=v(x) YveH{(),
where x; is a given node, i=1,. . ., M. Prove that G;j is given by

(1—-xpx for 0=x=x;,
xj(1—x) for x;=<x=<I.

Gi(x)= {

Note that Gj is the Green’s function for (1.29) associated with a
delta function d(x;) at node x; (G; satisfies —G;{"=0(x;) on I,
G;i(0)=G;i(1)=0). Further, note that it so happens that G;eVy. Now,
by choosing v=e=u—uy, in (1.41), show that

e(xp)=(e’, G)=0, i=1,..., M.

Thus, uy, is in fact exactly equal to u at the node points x;. This some-
what surprising fact is a true one-dimensional effect due to the fact that
the Green’s function Gje Vy, and does not exist in higher dimensions.
The technique of working with a Green’s function in this way is
however useful in proving for instance pointwise error estimates
(maximum norm estimates) in higher dimensions.

1.8 Remarks on programming

Let us briefly discuss some of the essential features of a typical computer
program implementing a finite element method. To be concrete we consider
the Neumann problem of the previous section. Thus, let T,={K} be a
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triangulation of the domain QcR? with boundary T’ and let Vy be the
corresponding space of continuous piecewise linear functions. Let N;j,
i=1,..., M, denote the nodes of Ty, and 1, . . ., @um the natural base for Vy,
ie, @i(Nj)=0i;. We want to find the solution E€RM of the linear system of
equations

(1.42)  AE=b,

where A=(a;j), b=(by,. . ., bm),
aj= = ai, bi= I bf,
KeT, KeT,

(1.43) alg:.I[({chi' V gj+¢ipjldx,

b¥=[foidx+ [ gpids.
K KNT

The computer program is naturally divided into subroutines carrying out the
following tasks:
(a) Input of data f, g, Q and coefficients of the equation.
(b) Construction and representation of the triangulation Ty,
(c) Computation of the element stiffness matrices a¥ and element loads bX.
(d) Assembly of the global stiffness matrix A and load vector b.
(e) Solution of the system of equations AE=b.
(f) Presentation of result.

Let us now consider the steps (b)—(e) in more detail.

_ (b) Construction and representation of the triangulation Ty,

A program for automatic triangulation of a given domain may be based on
the idea of successive refinement of an initial coarse triangulation; for
example, we may refine each triangle by connecting the midpoints of each side
(see Fig 1.14).

\

Fig 1.14
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A triangulation process of this type leads to quasi-uniform meshes where the
triangles have essentially the same size in all parts of Q. If the boundary of
Q is curved, this technique has to be modified close to the boundary.

As discussed below, it is often desirable to be able to construct triangu-
lations where the size of the triangles varies considerably in different parts
of Q. In fact one would need smaller triangles in regions where the exact
solution varies quickly or where certain derivatives of the exact solution are
large, see Fig 1.16 where the triangles get smaller in the area where the
solution has a quick variation (cf Example 1.3). A possible refinement strategy
is indicated in Fig 1.15. Here, different coarse grid triangles are refined
differently. Notice also the dotted lines introduced to complete the triangu-
lation in the transition zone between regions with elements of different size.
Recently, methods which automatically refine triangulations where needed,
so-called adaptive methods, have been introduced, cf Section 4.6 below.

SN\

Fig 1.15

To represent a given triangulation T}, one may proceed as follows: Let Nj,
i=1,...,M, and K,, n=1,. .., N be enumerations of the nodes and triangles
of Ty, respectively. Then Ty, may be specified using the two arrays Z(2, M)
and T(3, N), where Z(j, i), j=1, 2, are the coordinates of node N; and
T(j, n), j=1, 2, 3, are the number of the vertices of triangle K;,. As an example
let us consider the following triangulation where the numbers of the triangles
are indicated by a circle:
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In this case we have

1 1 2 3 4 5 3 3 8 7 7
T=({3 4 4 8 8 8 6 7 7 6 10}.
4 2 5 4 5 9 7 8 9 10 9

If we want to use Gaussian elimination to solve the system of equations AE=b
(see Chapter 6), it is important that the nodes are enumerated in a suitable
way. For instance, if we intend to store the stiffness matrix A as a band matrix,
then we want the band width of A to be (nearly) minimal.

Writing a general program for triangulation, including refinement and node
enumeration (if needed), is a complicated task that we will not comment on
further. Let us just note that if the geometry of Q is simple and we are satisfied
with a quasi-uniform triangulation, then it is rather easy to write a subroutine
for triangulation in each individual case.

We now assume that in some way we have obtained a triangulation Ty, and
that T}, is represented by the arrays Z and T as above.

(c) Computation of the element stiffness matrices

The next step is to compute the element stiffness matrices with elements aﬁ
given by (1.43). We know that aﬁ#O only if both N; and N; are nodes of K.
Let now K,€Ty. Then T(a, n), a=1, 2, 3, are the numbers of the vertices of
K, and the xj-coordinates, i=1, 2, for these vertices are given by Z(i, T(a,
n)), a=1, 2, 3. Knowing the vertices of K, we can now compute the element

stiffness matrix AW=(agp), o, =1, 2, 3, for element K,

gp= {( [Vya: Vyp+ypappldx,

where q is the linear function on K, that takes the following values:

_J1 ifa=p
VN1, m)= {0 if a#B a, f=1, 2, 3.

We can also compute

ba= [fyodx+ [ gyg, ds, a=1, 2, 3.
K, I'NK,

Thus, what we need is a subroutine that computes the element stiffness matrix
AM=(ag,) and right hand side bM=(bg) for a given triangle K,. We then
loop over all elements K, and store the result on a scratch file.
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(d) Assembly of global stiffness matrix

To assemble the global stiffness A=(a;;) we just loop over all elements K,
and successively add in the contributions from different K, as follows (here
A(M, M) and b(M) are arrays where the matrix A and right hand side b will
be stored):

Set A(i, )=0,  b(i)=0, i, j=1,. . ., M.

Forn=1,...,N, fetch AM=(ags) and b(™=(bg) from scratch file
and set

A(T(a, n), T(B, n))=A(T(a, n), T(B, n))+ag,
b(T(a, n))=b(T(a, n))+bg a, B=1, 2, 3.

(e) Solution of the linear system AE=b

To solve AE=b we may use various variants of Gaussian elimination or
iterative methods. This is discussed in more detail in Chapters 6 and 7.

Remark In practice we do not use an array A(M, M) for the stiffness matrix
A; since A is sparse this would not be economical and would require storage
of a large number of zero elements. Instead A is stored e g as a band matrix
if Gaussian elimination is to be used to solve AE=Db, or if an iterative method
is used, then only the nonzero elements of A are stored (see Chapters 6 and
7 below). O

Remark 1In a certain variant of Gaussian elimination (the frontal method) the
assembly and elimination is carried out in parallel which may save storage (cf
Section 6.5 below). O

Remark Once the stiffness matrix A for the Neumann problem (1.37) has
been determined, for which the functions in Vy, do not satisfy any boundary
conditions, we may directly derive the systems of equations AE=b correspond-
ing to other boundary conditions. If on a part I'y of the boundary ' we

replace the Neumann condition %1= g with the Dirichlet boundary condition
n

u=ug on I';, then we obtain the corresponding system AE=b by simply
deleting the rows in A corresponding to the nodes on I'1 and by entering the
values of § given by the Dirichlet boundary condition. O
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1.9 Remarks on finite element software

Writing a finite element program for a general class of problems with general
geometry and variable coefficients (cf Example 2.7 below) is very time
consuming and requires expert knowledge. Therefore, much effort may be
saved by using, at least in part, existing software. There are several general
purpose finite element codes available for academic or commercial use. In
particular let us mention the codes with which we have some experience,
namely CLUB MODULEF based at INRIA in France [CM] which is an
extensive general purpose library of finite element routines, FIDAP (Fluid
Dynamics Analysis Package) by M.S. Engelman [Fi] for problems in fluid
mechanics, the adaptive multigrid code for elliptic and parabolic problems
PLTMG (Piecewise Linear Triangular Multi Grid) by R. Bank [Ba], the
smaller LSD/FEM package by M. Bercovier [Be] and the MACFEM program
for the Macintosh personal computer by O. Pironneau [Pi]. These codes have
a modular structure, clear documentation, give access to the source code and
thus are suitable for research, development and educational purposes.

Problem

1.20 Write a computer program implementing the ideas of Section 1.8.
Assume first simple geometry, eg 2 a square, and a uniform
triangulation. Use a standard routine to solve AE=b with Gaussian
elimination and A stored as a band matrix.

Example 1.3 Consider the Poisson equation (1.16) in a disc with radius 1
centered at the origin and with the load f=—1 in a small disc with radius 0.25
centered at (0.5, 0.5), and f equal to zero elsewhere. In Fig 1.16 we give the
finite element mesh together with the level curves and the graph of the
corresponding finite element solution obtained by applying a modification of
the adaptive PLTMG-code [Ba] to this problem, see [EJ2], [E]. PLTMG uses
piecewise linears on triangles, and thus corresponds to (1.20), and also
automatically refines the finite element mesh in order to control the error in
a chosen norm. We notice that the elements are smaller in the area where the
solution has a quick variation, cf Section 4.6 below.

For more information on adaptive methods, see Section 4.6. Note that also
the triangulation on the cover was generated by the modification of PLTMG
applied to the Laplace equation with Dirichlet boundary conditions in a case
where the exact solution has a singularity at the origin, and where accordingly
the finite element mesh is refined. More precisely, in this case the exact
solution is given in polar coordinates (r, 8) by

u(r, 6)=rYsin(y0), y=%. O
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Fig 1.16 Solution graph (a), level curves (b) and triangulation (c) for finite element
method for Dirichlet problem.
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2. Abstract formulation of the
finite element method for elliptic
problems

2.1 Introduction. The continuous problem

We shall now give an abstract formulation of the finite element method for
elliptic problems of the type that we have studied in Chapter 1. This is not
a goal in itself, but makes it possible to give a unified treatment of many
problems in mechanics and physics so that we do not have to repeat in principle
the same argument in different concrete cases. Further the abstract formu-
lation is very easy to grasp and helps us to understand the basic structure of
the finite element method.

Thus, let V be a Hilbert space with scalar product (., .)yv and corresponding
norm || - ||v (the V-norm). Suppose that (cf Section 1.5) a(.,.) is a bilinear
form on VXV and L a linear form on V such that

(i) (a.,.) is symmetric,
(ii) a(., .) is continuous, ie, there is a constant y>0 such that
2.1) Ja(v, w=ylVlIvllwllv Vv, weV,
(iii) a(., .) is V-elliptic, ie, there is a constant >0 such that
2.2) a(v, v)=a|[v|}} VveV.
(iv) L is continuous, ie, there is a constant A>0 such that
(2.3) |L(v)sA||v||lv YveV.
Let us now consider the following abstract minimization problem (M): Find
ueV such that

(2.4) F(u)=Min F(v),
veV
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where

F(v=3 a(v,»)-L(v),

and consider also the following abstract variational problem (V): Find ueV
such that

(2.5) a(u,v)=L(v) VveV.

Let us now first prove:

Theorem 2.1 The problems (2.4) and (2.5) are equivalent, ie, ueV satisfies
(2.4) if and only if u satisfies (2.5). Moreover, there exists a unique solution
ueV of these problems and the following stability estimate holds

A
26 Jull<?,
(04

Proof Existence of a solution follows from the Lax-Milgram theorem which
is variant of the Riesz’ representation theorem in Hilbert space theory (see
e g [Ne], [Ci], cf also Theorem 13.1 below). The reader unfamiliar with these
concepts may simply bypass this remark. To prove that (2.4) and (2.5) are
equivalent, we argue exactly as in Section 1.1. We first show that if ueV
satisfies (2.4), then also (2.5) holds, and we leave the proof of the reverse
implication to the reader. Thus, let veV and eeR be arbitrary. Then
(u+¢&v)eV so that since u is a minimum,

F(u)<F(u+ev) VeeR.
Using the notation g(e)=F(u+ev), eeR, we thus have
g(0)=g(e) VeeR,

so that g has a minimum at e=0. Hence g'(0)=0 if the derivative g'(€) exists
at e=0. But

g(s)z% a(u+ev, ut+ev)—L(u+ev)
= %a(u, u)+ % a(u, v)+ %a(v, u)+ 8;a(v, v)—L(u)—¢eL(v)

a(u, u)—L(u)+ea(u, v)—aL(v)+—32—a(v, V),

N | =

where we used the symmetry of a(.,.). It follows that
O=g'(0)=a(u, v)—L(v),
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which proves (2.5). To prove the stability result we choose v=u in (2.5) and
use (2.2) and (2.3) to obtain

al[u|{<a(u, u)=L(u)<A|lu|]v,

which proves (2.6) upon division by ||u||y#0. Finally, the uniqueness follows
from the stability estimate (2.6) since if u; and u; are two solutions so that
u;eV and

a(uj,v)=L(v) VvevV, i=1, 2,
then by subtraction we see that u;—ueV satisfies
a(u;—up,v)=0 VveV.
Applying the stability estimate to this situation (with L=0, ie, A=0) we
conclude that [|ju;—uy||ly=0, ie, uy=u;. O
Remark 2.1 Even without the symmetry condition (i) and with only (ii)—(iv)
satisfied, one can prove that there exists a unique ueV such that
a(u,v)=L(v) VvevV,

and the stability estimate (2.6) of course holds (cf Example 2.6 below). In this
case there is however no associated minimization problem. O

2.2 Discretization. An error estimate

Now let Vi be a finite-dimensional subspace of V of dimension M. Let

{®1,. - .,M} be a basis for Vy, so that g;eVy, and any veVy, has the unique
representation

M
(2.7) v= Z 1igi, where njeR.

i=1

We can now formulate the following discrete analogues of the problems (M)
and (V): Find upeVy, such that

(2.8) F(up)<F(v) VveVy,
or equivalently: Find u,eVy such that

(2.9) a(up, v)=L(v) VveVy,.
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As in Section 1.2 we see that (2.9) is equivalent to

a(up, 9j)=L(9j), j=1,. .., M.

Using the representation
M

(2.10) up= .21 Eigi, EieR,
1=

(2.9) can be written as

M
,Ela(fpi,cpj)EFL(fpj), i=1,..., M,
1=

or, in matrix form,
2.11)  AE=b,
where E=(Ej)eRM, b=(b;)eRM with bj=L(g;), and A=(a;j) is an MxM

matrix with elements aj;=a(q;, ;). From the representation (2.7), we have

M M M
a(v,v):a(,Elmcpj,_Zlnjq>j)=i ]Zlnia(mi,w]')nj:n - An,
1= 1= , 1=

M M
LW=L( = @)= = niL(e;)=b-m,
where the dot denotes the usual scalar product in RM:

M
E-m= ,Zlimi.

i—
It follows that (2.8) may be formulated as
(2.12) %&-A&—b-%@M [3n- An=b-n]
We also have, recalling (2.2),

1+ An=a(v,v)=al[v[[{>0,

if v#0, ie, if n#0. Since also a(q;,p;j)=a(®;,¢;), this proves the following
result.

Theorem 2.2 The stiffness matrix A is symmetric and positive definite.
We can now prove the following basic result where the equivalence follows

as above.
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Theorem 2.3 There exists a unique solution EeRM to the equivalent problems
(2.11) and (2.12), ie, there exists a unique solution u,eVy, to the equivalent
problems (2.8) and (2.9). Further, the following stability estimate holds:

A
2. <,
(2.13) |lup v o

Proof Since A is positive definite, A is non-singular, which proves existence
and uniqueness. The stability estimate follows by choosing v=uy in (2.9) which
gives, using (2.2) and (2.3),

o/ [un|[{=<a(un,un)=L(un)<Allus|lv,
from which (2.13) follows upon division by ||up||v#0.
Remark The stability estimate (2.13) for the finite element solution, which
is an analogue of the stability estimate (2.6) for the continuous problem,
reflects a very important property of the finite element method. In a certain

sense it can be viewed as the theoretical basis for the success of the
method. O

Let us now prove the following error estimate:

Theorem 2.4 Let ueV be the solution of (2.5) and uyeVj, that of (2.9) where
VhCV. Then

’lu—uh||v<§\lu—V||v VYveVy,.

Proof Since VLV we have from (2.5) in particular
a(u,w)=L(w) VweVy,

so that after subtracting (2.9),

(2.14) a(u—up,w)=0 VWwe V.

For an arbitrary veVy, define w=up—v. Then weVy, v=u,—w and by (2.2)
and (2.14), we have

a/lu—up/|}<a(un, u—up)=a(u—uy, u—up)+a(u—uy, w)
=a(u—up, u—up+w)=a(u—up, u—v)<y||u—up||v|/ju—v||v,

where the last inequality follows from (2.1). Dividing by |[u—uy||v we obtain
the desired estimate. [
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From the abstract qualitative estimate of Theorem 2.4 we may obtain a
quantitative estimate by choosing a suitable function veV} and estimating
|l[u—v||y. Usually one then chooses v=mpu where mueVy is a suitable
interpolant of u (e g mpu may be the piecewise linear interpolant iy, of Section
1.3). In Chapter 4 we give estimates for the interpolation error |ju—mpul|y in
a variety of situations.

2.3 The energy norm

By (2.1) and (2.2) it follows that we may introduce a new norm || - ||, on V
defined by

Ivl|2=a(v, v), veV.

This norm is equivalent to the norm || - ||y, ie, there are positive constants ¢
and C such that

(2.15) c||v|lvs||v][a<Cl|v||v VveV.

More precisely, we may choose c=V a and C="V y. The scalar product(., .),
corresponding to || - ||, is given by

(v,w)a=a(v,w).

The norm || - ||, is referred to as the energy norm. The error equation (2.14)
may now be written
(u—up, v)a=0 VveVy,

from which follows as in Section 1.3 or by the proof of Theorem 2.4, that
(2.16)  |lu—up/las|lu=vlla  VveVy,

or equivalently that uy, is the projection of u onto Vy, with respect to the scalar
product (.,.), (cf Section 1.6). Clearly (2.16) shows that u is a best
approximation of u in the energy norm.

2.4 Some examples

Let us now consider some concrete examples of the form (2.5). In Chapter
5 further examples from mechanics and physics will be presented. Let 2 be
a bounded domain in R? or R3 with boundary I'. The coordinates in RZ and
R3 are denoted by x=(x1, x2) and x=(x, X2, X3).
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Example 2.1 Let V=HY(Q), QcR?,

a(v, w)=[[Vv: Vw+vw]dx,
Q
L(v)=[fvdx,
Q

where fe(Q) in which case (2.5) is a variational formulation of the Neumann
problem (1.37) with g=0. Let us verify that the conditions (i)—(iv) above are
satisfied. Clearly a(. , .) is a symmetric bilinear form on VXV and L is a linear
form. Further,

a(v, V)=HVH§1(Q)
and by Cauchy’s inequality
a(v,w)<a(v,v)"2a(w,w)2=||v[|u'(g) Wl '),
which proves (2.1) and (2.2) with a=y=1. Finally
IL(V)KIgf2 fv dx|<|lfl [ @)l IVIlLy@),

which proves (2.3) with A=|lf||L,q). O

Example 2.2 Let V=H(I), (I=0, 1),
a(v, w)=[v'w'dx, L(v)=[fv dx,
I I
where fe (1) is given, which corresponds to our introductory boundary value

problem (1.30). To verify that (i)—(iv) are satisfied, we first note that a(. , .)
is obviously symmetric and bilinear and L is linear and since

la(v,w)|<||V'|IL,mlIw'llL,o<IVIIH' @l Wl @,

we have that a(., .) is continuous. The continuity of L follows as in Example
2.1 and it thus remains to prove the V-ellipticity (2.2), ie, the inequality

(2.17) J(v) dx=a(vidx+ [(v')2dx) VveH{(I),
I I I

for some positive constant o. We shall prove that

(2.18) Jv2dx<[(v')2dx vveH{(D),
I I

from which (2.17) follows with a=%. Since v(0)=0 for veH{(I), we have

v(x)=v(0)+ (fv'(y)dy= g V(y)dy,
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so that by Cauchy’s inequality
1 1 1 1
IV(X)IS({IV’IdYS(g dY)”z(g(V')zdy)”2=(OI(V’)ZdY)l/Z-

Squaring this inequality and then integrating over I we obtain (2.18). We note
that the inequality (2.18) does not hold for v(x)=1, in which case the left hand
side is 1 and the right hand side 0. Thus we need e g a boundary condition
of the form v(0)=0 for (2.18) to hold in order to control the norm of the
function v by the norm of the derivative v', ie, we need a “fixed point” to
start from.

If we choose Vj, to consist of piecewise linear functions on I as in Section
1.2, we obtain in this case

|lu—up||u'(@)<Ch,

if u is smooth enough.

Example 2.3 Let V=H}(Q), QcR2,
a(v,w)=[Vv:Vw dx, L(v)=[fvdx,
Q Q
where fel,(L2), in which case (2.5) is a variational formulation of the Dirichlet

problem (1.16) for the Poisson equation. We directly see that (i), (ii) and (iv)
are satisfied in this case. Thus, only the V-ellipticity, ie, the inequality

2.19)  [|VvPdx=a(v,v)=allv||[fr@=a( | (v*+]| Vv|]2)dx)

Q Q
requires comment. To prove (2.19), it is sufficient to prove that there is a
constant C such that

(2.20) [v3dx<C[|Vv|2dx  VveH}(Q),
Q Q

since then (2.19) follows with a:C—_l‘_l. The proof of (2.20) is analogous to

the proof of (2.18) (cf Problem 2.1 below). With the V} of Section 1.4 we
obtain the error estimate

|lu—up||u'(@)<Ch,

if u is sufficiently smooth. O

Example 2.4 Consider the following boundary value problem

4
2212 ot for xel=(0, 1),
dx*4

57



(2.21b) u(0)=u'(0)=u(1l)=u'(1)=0,

where fel;(I) (cf Problem 1.5). We introduce the space
H2()={veLy(I): v, v'eLy(1)},

with norm

Iv| |H2(1)=(Ij[v2+(v’)2+(v”)2]dx)1/2,

and the space
H3(1)={veH2(I): v(0)=v'(0)=v(1)=v'(1)=0}

with the same norm. The problem (2.21) can now be given the variational
formulation: Find ueV such that

a(u,v)=L(v) VveV,
where V=H}(Q),

a(v,w)=J[v'w"dx, L(v)=/fv dx.

I I

We see that the conditions (i), (ii) and (iv) are satisfied. By (2.18) we have
for veH3(I)

[v2dx<[(v')2dx<[(v")?dx,

I I I

since v(0)=v'(0)=0, which proves that

2 " f—
VIl =3 [ ix =3 ay, v,

and (iii) holds with a=%. O
We now introduce some notation that will be used below. We define

dlaly
D% =
ox71 9x5?

where here a= (a4, ap), 0; is a non-negative natural number and |o| =01 +ay.
As an example, a partial derivative of order 2 can then be written as D®v with
a=(2, 0), a=(1, 1) or a=(0, 2), which are the a with |a|=2. We now define
for k=1,2,. ..,

HK(Q)={veL,(Q): D%el,(Q), |a|<k},
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with norm

1] Exe) = (| z leO‘VIZdX)”2
(1 <k
Thus the space HX(Q) consists of all functions v on Q that, together with the
partial derivatives D®v of order |a| at most k, belong to Ly(Q). The space
HK(Q) is a Hilbert space with the indicated norm and corresponding scalar
product. The spaces H¥(Q) are examples of so called Sobolev spaces named
after the Russian mathematician S. L. Sobolev 1908, cf [Ad].

Example 2.5 Let us now consider a fourth-order problem in a two-dimensio-
nal domain Q, namely the biharmonic problem:

(222a) AAu=f inQ,

(2.22b) u—%‘-‘_o onT,
n

where —g— denotes differentiation in the outward normal direction to the
n

boundary I'. This problem gives a formulation of the Stokes equations in fluid
mechanics (cf Problem 5.3) and also models the displacement of a thin elastic
plate, clamped at its boundary, under a transversal load (cf Problem 5.4). To
give a variational formulation of (2.22), we introduce the space

H3(Q)={veH%(Q): v=%=0 on I'}.

Now we multiply (2.22a) with veH5(Q) and integrate over Q. By Green’s

formula as v=g—=0 on I', we have
n

Jfvdx=[A Au v dx=
Q Q

(Au)v ds— JV(Au) Vu dx=

Il
= —
Q)lQ)

— [V (Au)Vvdx——fAua ds+fAuAvdx fAuAv dx.
Q

We are thus led to the following variational formulation of the biharmonic
problem (2.22): Find ueV such that

a(u, v)=L(v) VvevV,

59



where v=H}(Q) and
a(u, v)=JAu Av dx, L(v)=[fv dx.
Q Q
Again we see directly that (i), (ii) and (iv) are satisfied in this case and the

V-ellipticity (iii) can easily be proved using the hints of Problem 2.2 below.
In Chapter 3 below we shall construct finite element spaces thH%(Q). O

Example 2.6 Consider the following problem in a domain QcR2:

(2.23a) —uAu+pBy —+[32— +u=f in Q,
ox1 R).9)

(2.23b) u=Oon T,

where u and the 8 are constants with ©>0. This is an example of a stationary
convection-diffusion problem; the Laplace term corresponds to diffusion with
diffusion coefficient u and the first order derivatives correspond to convection
in the direction B=(fB;, B2). Let us here assume that u=1 and that the size
of |B| is moderate (for convection-diffusion problems with |B|/u large, see
Chapter 9). By multiplying (2.23a) by a test function veV=H(1)(Q), integrating
over Q and using Green’s formula for the Laplace-term as usual, we are led
to the following variational formulation of (2.23): Find ueV such that

(2.24) a(u, v)=L(v) VvevV,

where
a(v, w)= I(Vv Vw+(B1 —+{32—+v)w)dx L(v)=[fv dx.
Q
It is clear that a(., .) is V-elliptic since if ve V, we have by Green’s formula:
f(ﬁl—v+ﬁz ——-V)dX fv2(61n1+[32n2)ds—
_ ov ov
—f(V B ——+ ﬁz——)dx = J(B1 ==Vv+B2 ——V)dx,
Q oxX1 oxp
ie
f(Bl ——+B2——)V dx=0,

so that
a(v, V)=S£ [IVV|2+V2]dXZHV”%iI(Q)'
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Existence of a unique weak solution of (2.23) now follows from Remark 2.1.
Starting from (2.24) we may formulate the following finite element method
for (2.23): Find u,eVy, such that

(2.25) a(up, v)=L(v) VveVy,

where Vj, is a finite-dimensional subspace of V. If {1, . . ., @um} is a basis
for Vi, we have as above that (2.25) is equivalent to the linear system AE=b
where A=(ajj), ajj=a(q;,p;), and b=(b;), bj=(f,q;). Note that in this case the
matrix A is not symmetric.

By the V-ellipticity it follows that solutions of (2.25) are unique and thus
A is non-singular so that AE=b admits a unique solution, ie, there exists a
unique solution uy, of (2.25). By the same argument as in the proof of Theorem
2.3, we also have the error estimate (here a=1):

[lu—uy| |H1(Q)$Y||u—v||H1(Q) VveVy O

Example 2.7 Let u be the temperature in a heat conducting body occupying
the domain QcR3. We have in the stationary case the following relations:

(2.262)  —qi=ki(x) %‘l in Q, i=1, 2, 3, (Fourier’s law),
Xj

(2.26b) div q=f in Q (conservation of energy),

where the g; denotes the heat flow in the xj-direction, ki(x) is the heat
conductivity at x in the xj-direction and f(x) is the heat production at x. If
ki(x)=1, xeQ, i=1, 2, 3, ie, if the heat conductivity is constant and equal in
all directions, then eliminating q in (2.26), we obtain Poisson’s equation
—Au=f in Q. With the k; non-constant, (2.26) is an example of a partial
differential equation with variable coefficients. However, the coefficients k;
are not assumed to depend on the solution u. If this was the case and the heat
conductivities k; depended on the temperature u, then (2.26) would be an
example of a non-linear partial differential equation, see Chapter 13 below.

Let us now give a variational formulation of (2.26) which in the usual way
can be used to formulate a finite element method for (2.26). This shows that
the presence of the variable coefficients k; do not introduce any difficulties.
We complement (2.26a, b) with the following boundary conditions:

(2.26¢) u=0 on I'y,
(2.26d) —q-n=g on I,
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where I'=I'1UTI'; is a partition of the boundary I' and n denotes the outward
unit normal to I'. The condition (2.26d) corresponds to a situation where the
heat flow is given on I';.

We introduce the space

V={veH!(Q): v=0 on I'}},

multiply (2.26b) by veV and integrate over Q. By Green’s formula we then
get

[fv dx=[v div q dx=[vq-n ds— [q- Vv dx=
Q Q r Q

du QJv
— dx— ds,
3X; OXj IJ:Z gv

=f2?=1 ki(x)
Q

where the last equality follows from (2.26a), (2.26d) and the fact that v=0
on I'y. Thus we are led to the following variational formulation of (2.26): Find
ueV such that

(2.27) a(u,v)=L(v) VveV,
where
3
a(v, W)= = kx) 2L W 4,
Qi=1 oXj OIXj

L(v)=[fv dx+ [gv ds.
Q T,

We easily verify that the conditions (i) —(iv) are satisfied under the following
hypothesis: There are positive constants ¢ and C such that

c=<ki(x)<C, xeQ, i=1, 2, 3,

fel,(2), gely(I;), and the area of I'y is positive.

Starting from (2.27) we may now formulate a finite element method for
(2.26) by replacing V by a finite element space Vy V. This leads to a linear
system AE=Db with stiffness matrix A=(a;;) with elements a;;=a(¢;, ;) where
{®1,. . ., oM} is a basis for Vy. To find the aj; we have to compute integrals
involving the variable coefficients kj(x). In practice we may for this purpose
want to use numerical quadrature, cf Chapter 12. [

Problems
2.1 Let Q be a square with side 1. Show that

(fv2dx)12<([| V v|2dx) 12 VveH{(Q).
Q Q
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2.2

2.3

2.4

2.5

Let Q be a square with boundary I'. Show that there is a constant C
such that

V1] ) <CJ (Av)xdx VveH3(Q),
Q

by using the boundary conditions v=g—v=0 on I' and the fact that by
Green’s formula, n

82v a 8 2
— —dx VveHg(L).
sfz ( 8x18x2 sfz % % o)
Note that if v=0 on I', then also -2—Y=0 on I', where -5—
S S

differentiation in a tangental direction to T
Give a variational formulation of the problem

4
du_¢ for 0<x<1,
dx*

u(0)=u"(0)=u'(1)=u""(1)=0,

and show that the conditions (i)—(iv) are satisfied. Which boundary
conditions are essential and which are natural? What is the interpre-
tation of the boundary conditions if u represents the deflection of an
elastic beam?

Let Q be a square with boundary I'. Show that there is a constant C
such that

(Jvdds)V2<C||v||n'(@) VveH(Q).
r

Using this result show that the linear functional L:H!(Q)— R defined
by

L(v)=/[ gv ds
r
is continuous if gel,(T), ie, if [ g2ds<co.
r

Give a variational formulation of the inhomogeneous Neumann
g
problem

— Au+u=f in Q,
ou_ onT,
on
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2.6

2.7

Fig 2.1

(2.28a)
(2.28b)
(2.28¢c)

(2.28d)

64

and check if the conditions (i)—(iv) of Section 2.1 are satisfied. Give
an example of a problem in mechanics that takes this form.

Give a variational formulation of the problem

— Au=f in Q,
yu+%=g onl,

where vy is a constant. When are conditions (i)—(iv) satisfied? Give an
interpretation of the boundary condition (which is sometimes referred
to as a Robin (or third type) boundary condition).

Consider the variational problem (2.27) with variable coefficients.
Suppose that Q is composed of two parts ; and €2, with common
boundary S (see Fig 2.1) and suppose the coefficients k;(x) are defined
by

%1 for xeQq,

%y for xeQy,

ki(X)= {

where the x; are positive constants.

In this case (2.27) models stationary heat conduction in an isotropic
body composed of two materials with heat conductivity coefficients %4
and %, occupying the regions Q; and Q,. Show (formally) that ueV
satisfies (2.27) if and only if

—%;Au =f in Qj, j=1, 2,
u=0 on Iy,

q-n=g on Iy,

Ju; L . . .
where a—’ denotes the derivative of uj:ulgJ in a direction n normal
n
to S.



2.8

2.9

Notice that (2.28d) represents a balance of heat flowing between €24
and Q,. Observe that this relation is ‘“automatically built in”” in the
variational formulation (2.27).

Show (formally) that u is the solution of the variational problem

(2.29)  Min [L [k(x)(v')%dx—f v dx],
eHy(D 2 1 i

A%

where 1=(0, 1), and

1 ifxel;=(0, %),
K0=11 1
5 if X612=(§, 1),
if and only if u satisfies

—k(x)u"(x)=1 in I; and I,

dU1 dU2 1

2.30) uj=w, 2—=—= for x=-,

(230)  wi=up, 28 = 2
u(0)=u(1)=0,

where ui=u|11, i=1, 2. Then formulate a finite element method for
(2.30) using piecewise linear functions. Determine the corresponding
linear system in the case of a uniform partition and give an interpre-
tation of this system as a difference method for (2.30).

Show that if u is the solution of the Dirichlet problem

— Au=f{ in Q,

(2:31) u=0 onT,

where fely(Q2) and QcR?, then p=Vu is the solution of the
minimization problem

o1
2.32) Min = [|q|%dx,
(2.32) Min 2szlql X

where
H¢={qeH: div q+f=0 in Q},
H ={q=(q1, 92): qieL2(€2)}.
The minimization problem (2.32) corresponds to the Principle of

minimum complementary energy in mechanics. Starting from (2.32),
replacing H¢ by a finite-dimensional subspace, one may construct finite
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2.10

2.11
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element methods of so-called equilibrium type (for such a method the
equilibrium condition div q+f=0 will be satisfied exactly in the discrete
model). Methods of this type may in certain cases have advantages as
compared to the conventional finite element methods, so-called
displacement methods, that we have studied above (in a displacement
method for (2.26) the compatibility relation (2.26a) is satisfied
exactly). Hint: First show that peHy is a solution of (2.32) if and only
if

[ p-qdx=0 VqeHo,
Q

where Hyp={qeH, div q=0 in Q}.
Solve Problem 2.3 with the following alternative boundary conditions:
u(0)=—u"(0)+yu'(0)=0, u(1)=u"(1)+yu'(1)=0,

where v is a positive constant. Also give a mechanical interpretation
of the boundary conditions.

Consider the Neumann problem
(2.33a) —Au=fin Q,

2.33) M =gonT,
on
(2.33¢) [ udx=0.
Q

Note that if u satisfies (2.33a, b), then so does u+c for any constant
¢, and that the condition (2.33c) is added to give uniqueness. Give a
variational formulation of (2.33) using the space

V={veH{(Q): [ vdx=0},
Q

and prove that the conditions (i)—(iv) are satisfied.



3. Some finite element spaces

3.1 Introduction. Regularity requirements

We shall now present some commonly used finite element spaces Vy,. These
spaces will consist of piecewise polynomial functions on subdivisions or
“triangulations” Tp={K} of a bounded domain QcRY, d=1, 2, 3, into
elements K. For d=1, the elements K will be intervals, for d=2, triangles or
quadrilaterals and for d=3 tetrahedrons for instance.

We will need to satisfy either V,cHY(Q) or V},cH2(Q), corresponding to
second order or fourth order boundary value problems, respectively. Since
the space Vj consists of piecewise polynomials, we have

(3.1) VhcH(Q) & Ve CY(Q),
(3.2) VheHY(Q) & Ve C(Q),

where Q=QNT and
C%(Q)={v:v is a continuous function defined on Q},
Cl(Q)={veCY%Q): D*veCYQ), |a|=1}.

Thus, V,cHY(Q) if and only if the functions veVy, are continuous, and
VhcH%(Q) if an only if the functions veVy, and their first derivatives are
continuous. The equivalence (3.1) depends on the fact that the functions v
in V}, are polynomials on each element K so that if v is continuous across the
common boundary of adjoining elements, then the first derivatives D%v,
laj=1, exist and are piecewise continuous so that ve H!(Q2). On the other
hand, if v is not continuous across a certain inter-element boundary, ie
v¢C%(Q), then the derivatives D%, |a|=1, do not exist as functions in Ly(Q)
and thus v¢ H}(Q) (if v is discontinuous across an element side S, then D%,
|a|=1, would be a d-function supported by S which is not a square-infegrable
function). In a similar way we realize that (3.2) holds.
To define a finite element space V, we will have to specify:

(a) the triangulation Th={K} of the domain €,
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(b) the nature of the functions v in Vj on each element K (eg linear,
quadratic, cubic, etc),

(c) the parameters to be used to describe the functions in V.

3.2 Some examples of finite elements

Let us now consider some examples. We first consider the case when Q is a
domain in the plane R? with polygonal boundary I'. Let T,={K} be a given
triangulation of €2 according to Section 1.4 into triangles K. We shall use the
following notation for r=0, 1, 2,. . .,

P;(K)={v:v is a polynomial of degree<r on K}.

Thus, P;(K) is the space of linear functions defined on K, i e, functions of the
form

V(X)=300+310X1+301X2, xek,
where the ajjeR. We see that {1, y2, 3}, where

Y1(x)=1, pa(x)=x1, P3(x)=x2,

is a basis for Py(K), and that dim P{(K)=3, where dim W denotes the
dimension of the linear space W.

Further, P;(K) is the space of quadratic functions on K, i e, functions of the
form

v(x =300+310X1+301X2+320X2+311X1X2+aozxz, xekK,
1 2

where the ajjeR. We see that {1, xy, xo, x%, X1X2, x%} is a basis for P»(K) and
that dim P;(K)=6. In general we have

P(K)={v : v(x)= aijx{xé for xeK, where a;jeR},
<

<1+)<r
and
dim P (K)=(r+1) (r+2).
' 2
Example 3.1 Let _
(3.3) Vh={veCYQ): vlkePi(K), VKeTy},
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ie, Vp is the space of continuous piecewise linear functions that we have met
in Section 1.7. As parameters, or global degrees of freedom, to describe the
functions in Vj, we choose

(3.4) the values at the node points of T,

(including the node points on I'). Let us now convince ourselves that this is
a legitimate choice and show that a function ve Vy, is uniquely determined by
the values (3.4). This is of course intuitively quite obvious but let us anyway
carry out the argument in detail here, since it will be a model to be used in
more complicated situations below. We then first notice that if KeTy, is a
triangle with vertices al, i=1, 2, 3, then the degrees of freedom for K
corresponding to (3.4), ie, the element degrees of freedom, are

(3.5) the values at the vertices al, i=1, 2, 3.

To show that a function veVy is uniquely determined by the degrees of
freedom (3.4) it is sufficient to show:

Theorem 3.1 Let KeTy, be a triangle with vertices ai=(ai, aé), i=1,2, 3. A
function veP(K) is uniquely determined by the degrees of freedom (3.5), ie,
given the values a4, i=1, 2, 3, there is a uniquely determined function veP(K)
such that

(3.6) v(al)=q; i=1, 2, 3.

Proof Since v(x)=cix;+cyx2+c¢3 for some constants cieR, (3.6) is equivalent
to the linear system of equations

(3.7) cai+oal+a=a,  i=l,2,3,

in the unknowns ¢;. This system has a unique solution for given o; if and only
if the determinant detB of the coefficient matrix

aj a; 1
B= | a? a% 1
a3 a3 1
is different from zero. However by basic linear algebra
(3.8) detB/2=area of K,

and thus detB+#0. Hence B is non-singular, which proves the desired result.
Since this argument will be used below, we also give a somewhat different
version of this proof. We notice first that
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dim P{(K)=number of degrees of freedom (=3),

ie, (3.7) has the same number of unknowns as equations. In this case it follows,
again by basic linear algebra, that detB+0 if and only if solutions of (3.7) are
unique, or in other words if the only solution of (3.7) with 0;=0, i=1, 2, 3,
is given by ¢;=0, i=1, 2, 3, or formally:

(3.9) If vePy(K) and v(a))=0, i=1, 2, 3, then v=0.

In fact it is easy to prove (3.9) directly without using (3.8), which shows that
we do not have to be able to compute detB in order to prove that detB+0.
As we shall see below, this latter method of proof makes it possible to easily
prove analogues of Theorem 3.1 for higher order polynomials in which case
a direct computation of the determinant of the corresponding coefficient
matrix could be very complicated. [

We can now determine the (nodal) basis functions for P;(K) associated with
the degrees of freedom (3.5), i e, the functions A;eP(K), i=1, 2, 3, such that
(see Fig 3.1):

Mi(al)= ;= {1 = =123
1 1) 0 lf l:’é] ’ ’ ’ .
A function v(x)eP(K) then has the representation
3
(3.10) v(x)= Z v(aj)h(x) xekK.
i=1

To determine the basis functions A;, we have to solve the system of equations
(3.7) for three special choices of right hand side, namely, (1, 0, 0), (0, 1, 0)
and (0, 0, 1).

i./ \; \i
A2 A3

Fig 3.1

The basis function Aj, say, can also be determined as follows. Let
dixi+dyxa+d3;=0,
be the equation for the straight line through the vertices a and a3. Then

AM(x)=v(dix1+dx2+d3),
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where the constant y is chosen so that Aj(al)=1. In the same way we may
determine A; and A3. If the triangle K has vertices at (1, 0), (0, 1) and (0, 0),
then A=x1, M>=Xxp and A3=1—x;—x3. The notation Aq, A and A3 for the nodal
basis functions for P;(K) will be kept below.

Given the choice of global degrees of freedom in (3.4), it is natural to
describe the space Vj, given by (3.3) alternatively as

(3.11) Vp={v: v|[k€Pi(K), VKeTy, and v is continuous at the nodes}.

We then view a function ve Vy, as a piecewise linear function taking on certain
values at the nodes of Ty,. Let us be careful and check that (3.11) defines the
same space as (3.3) above. We need to check if a function veVy, according
to (3.11) is continuous, ie, if ve CO(Q). Clearly, it is sufficient to check that
v is continuous across all interelement sides. Thus, let K; and K; be two
triangles in T}, having the common side S with the end points N and N, say.
Suppose now ve Vy, according to (3.11) and let vi=vIKleP1(Ki), i=1, 2, be the
restrictions of v to the K;. Then the function w=v;—v; defined on S vanishes
at the end points N; and N; and since w is linear on S it follows that in fact
w vanishes on S. Hence, v is continuous across S and we obtain the desired
conclusion that ve CY(Q).

Example 3.2 Let us now show how to construct a space Vj, using piecewise
quadratic functions v, ie, v|geP,(K). Let us first specify the element degrees
of freedom. Let KeTy, be a triangle with vertices al, i=1, 2, 3, and denote the
midpoints of the sides of K by all, i<j, 1, j=1, 2, 3, see Fig 3.2.

3
a
13 / ’\
a
a
.
a
a12 2
Fig 3.2 a

We shall prove
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Theorem 3.2 A function vePy(K) is uniquely determined by the following
degrees of freedom: '

v(a'), i=1, 2, 3,
G @, i<iij=12.3

Proof Since dim P(K) is equal to the number of degrees of freedom (=6),
it is (see the proof of Theorem 3.1) sufficient to prove that if veP,(K) and

(3.13)  v(@)=0, v(ai)=0, i<j, i,j=1, 2,3,

then v=0. To this end, consider the side a%a3. Along this side the function
v has a quadratic variation and v vanishes at the three distinct points a2, a?
and a3. Thus, (cf Problem 3.1) v vanishes identically on aZ which means (cf
Problem 3.3) that we can “factor out” the function A; and write

v(x)=M(x)w1(X), xekK,

where w;ePy(K) and A;, i=1, 2, 3, are the basis functions for P;(K) according
to Example 3.1. In the same way we see that v also vanishes along the side
ala3 which means that we may also factor out the function A, so that

v(x)=M(x)A2(x)wp,  x€K,

where now wy has degree zero, ie, wp=y=constant. If we now finally take
x=al2 we see that

0=v(a'2) ;—‘Y)»1(312)7»2(a12)=y ,

y

DN | =
[\ R

so that y=0 and hence v=0 and the proof is complete. [

A function veP,(K) has the representation

3 3 _
(3.14) v= = v(@)hQN—-1)+ = v(al)dhh;.
i=1 i, j=1
1<)

To see this, by Theorem 3.2 it is sufficient to check that the right hand side,
RH, and left hand side, LH, of (3.14) take the same values at the node points
al and a'l, since the difference LH-RHeP,(K). Froni (3.14) it is clear what
the nodal basis functions for P,(K) corresponding to the degrees of freedom
(3.12) are: the basis function corresponding to a particular degree of freedom,
the value at the vertex a' for instance, is of course the function \y€P,(K) such
that y(a’)=1 and y vanishes at the other five points al, all (see Fig 3.3).
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TN

Fig 3.3 Different basis functions for P>(K)

Let us also show that if vie Py(Kj), i=1, 2, where K; and K; are two triangles
with the common side S, and v and v, take the same values at the end points
and the mid point of S, then v; and v; agree on S. But this followsimmediately
from the fact that w=v;—v; varies quadratically along S and w vanishes at
three distinct points on S so that w=0 on S.

Defining now

Vh={veCY%Q): v|[keP2(K), VKeTy},

we have seen that the global degrees of freedom of the functions ve Vj, can
be chosen as follows:

(1) the values of v at the nodes of Ty,
(ii) the values of v at the mid points of all the sides of the triangles
in Tj,.

The corresponding global basis functions have the following form:

B

Fig 3.4

Example 3.3 We now define a space Vj, using piecewise cubic functions, ie,
functions v such that v|geP3(K), VKeTy. Let K be a triangle with vertices
al, i=1, 2, 3, and define (see Fig 3.5):

aiij=% (2ai+al), i, j = 1,2,3, i#j,

a123=% (al+aZ+ad).
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Fig 3.5

We have

Theorem 3.3 A function veP3(K) is uniquely determined by the following
degrees of freedom:

v(ai), v(all), i, j=1, 2, 3, i#j,

(15 B

Proof Since dim P3(K) is equal to the number of degrees of freedom (=10),
it 1s sufficient to show that if veP3(K) and

(3.16)  v(a)=v(ail)=v(a!?)=0, i, j=1, 2, 3, i#],

then v=0. Observe that if v has a cubic variation along the side a%a3 then v=0
on a%a3. In the same way it follows that v vanishes on the sides ala® and a'a2
and hence

v(x)=yAi(x)A2(x)A3(x),

where v is a constant. If we now choose x=al23, we get from (3.16)

3
so that y=0 and thus v=0. 0O

Now let vie P3(Kj), i=1, 2, where K; and K, are two triangles with common
side S and suppose that v; and v, take the same values at the end points and
the two points alll of S. Since v{—v; varies cubically on S it follows that vi=v,
on S (see Fig 3.6).
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Fig 3.6

We can now introduce the space
Vp={veCY%Q): v|[keP3(K), VKeTy},

with the following degrees of freedom:

(i) the values of v at the nodes of Ty,.
(ii) the values of v at the points a'l on the sides of Ty,
(iii) the values of v at the center of gravity for all KeTy,.

Example 3.4 There is another way of choosing the degrees of freedom for
P3(K), where K is a triangle with vertices al, i=1, 2, 3, and center of gravity
al23, We have

Theorem 3.4 A function veP3(K) is uniquely determined by the following
degrees of freedom:

v(al), i=1, 2, 3,
G317 @y, i=1,2,3,j=1,2,
OX;

v(al?3).

Proof Since again dim P3(K) is equal to the number of degrees of freedom,
it suffices to prove that if veP3(K) and

(3.18) v(ai)=gl (a)=v(a1®)=0, i=1, 2, 3, j=1, 2,
Xj
then v=0. It follows from (3.18) that
OV, in_ OV 4 vV .
—(al)y= — + —(a)s=0, i=1,2, 3
@) aX](3)51 axz(‘«1)82 ,i=1, 2, 3,
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where SX is the derivative in a direction s=(sy, s7). In particular we then have
S

NV a2y= NV(a3)=0
5, (@)= 5. (@)=0,

where s is the direction from a2 to a3. Together with the fact that v(a?)=v(a3)
this shows that v vanishes along the side a%a3 since v varies as a cubic
polynomial along this side. In the same way see that v vanishes on ala? and
ala3 and the argument is then completed as in the proof of Theorem 3.3. O

We further note that if v;e P3(Kj), i=1, 2, where K; and K; are two triangles
with the common side S with endpoints Nj=1, 2, and vy and v; agree together
V1 (Nj) and 22 (Ny), i, j=1, 2, then vi=v; on S.
IxXj IxX; -

The corresponding finite element space V,cC%Q) is given by

Vh={v: v|[geP3(K), VKeTy, and v and
ov

with the first derivatives

a, i=1, 2, are continuous at the nodes},
with the following degrees of freedom:
(1) the values of v and g;, i=1, 2, at the nodes of T},
(i1) the values of v at the center of gravity of each KeT. 0O

Example 3.5 Let us now consider a finite element space Vj, satisfying the
condition V,cC!(Q). We will then work with functions that are polynomials
of degree five on each triangle; with polynomials of lower degree, special
constructions are required to satisfy the Cl-condition.

Theorem 3.5 Let K be a triangle with vertices a', i=1, 2, 3 and let all be the
midpoint on the side a'al, i, j=1, 2, 3, i<j (see Fig 3.2). A function vePs(K)
is uniquely determined by the following degrees of freedom:

Doy(al), i=1, 2, 3, |a|<2,

(3.19) g_l\;(aij), i, j=1, 2, 3, i<j,

where g— denotes differentiation in the outward normal direction to the
n

boundary of K.
Proof Since dim P5(K) is equal to the number of degrees of freedom (=21),
it is sufficient as usual to prove that if all the degrees of freedom according
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to (3.19) are zero, then v=0. To see this, we first note that if s denotes the
direction of the side a2a3, then

2
(320)  v(ai)= 2—:(ai)= %(ai)=o i=2, 3.

Since v is a polynomial on the side a2a3 of degree at most 5, it follows that

v vanishes on a?a3. Further, ? is a polynomial of degree at most 4 on a%a3
n

and

av

(3.21) =

23y= 9V i=g(a_v) =0,  i=2.3
(@%)=—-(a)=— |3 |(@)=0, i=2,3,

which is only possible if g_v =0 on a%a3. Thus, both v and g_v vanish on a?a3
n n

which means that we may factor (A1(x))? out of v(x) (check this in the special
case when a2a3 lies on the x;-axis). Therefore

v(x)=(A(x))?p3(x), xeK,

where p3eP3(K).. In the same way we see that we may also factor out (Ai(x))?,
i=2, 3, and thus

v=yAiA3A3,

where yeR. But vePs5(K) and the only possibility then is that y=0 so that v=0
on K. O

Now let vie P5(Kj), i=1, 2, where K; and K; are two triangles with common
side S and suppose that

D%;=D%;, attheendpoints of S, |a|<2,

ovy _ovp . .
0= 3n at the midpoint of S,

where g— denotes differentiation in the normal direction to S. Then we have
n

the relations (3.20) and (3.21) for the difference w=v;—v; and it follows that

322 w=Y=0ons.
on
But if w=0 on S we also have that

323  M0ons,
os
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where S denotes differentiation in the direction tangential to S. By (3.22)
S

and (3.23) we see the function v defined by v|k =v; varies continuously across
S as do its first derivatives. _
We may now define the space V,cC}(Q2) as follows

Vh={v: v|[kePs(K), VKeT},, D% is continuous at the nodes for

|a|<2 and g—Y is continuous at the mid points of each side},
n
with the degrees of freedom of (3.19).

Example 3.6 Let us now construct a three-dimensional finite element. We
then assume that  is the union of a collection T,={K} of non-overlapping
tetrahedrons K such that no vertex of one tetrahedron lies on a side of another
tetrahedron. As above, for r=1, 2,. . ., and KeTj}, we define

P(K)={v: vis a polynomial to degree <ronK,ie v has the form
v(x)= X ajjmX{xJx3, ajjm€R}.
i+j+ms<r
For r=1 a function veP(K) is uniquely determined by the values v(al),
i=1,. . .,4, where the al are the vertices of K. We can then introduce the space

Vi={veCY%Q): v|kePi(K), VKeT}},

and as global degress of freedom we may take the values at the nodes of Ty,
points. [

Example 3.7 Let us also consider some rectangular finite elements that can
be used for example if Q=R2 is a square. Let then K be a rectangle with
vertices al, i=1,. . ., 4, and with sides parallel to the coordinate axis in R2.
Define

Q1(K)={v: vis bilinear on K, ie, v(x)=agp+ai0x; +apixa+a11XiX2,

xeK, where the ajjeR}.
It is easy to see (prove this!) that a function ve Q(K) is uniquely determined
by the values v(ai), i=1,. . ., 4. Further, if K; and K; are two rectangles with

the common side S and the functions vieQ(Kj) agree at the endpoints of S
then vi—v,=0 on S since vi—v; varies linearly on S. We may now define

Vi={veC%Q): v|[keQi(K), VKeTy)}

assuming that Tp={K} is a subdivision of Q into non-overlapping rectangles
such that no vertex of any rectangle lies on a side of another rectangle. The
values at the nodes may be used as global degrees of freedom.
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We can also use polynomials of higher degree on each rectangle. For
example we may choose

Vi={veCYQ): v|[keQs(K), VKeTy},
where Q;(K) is the set of biquadratic functions on K, ie,
2 o
Qa(K)={v: v(x)= X ajx|x4, xeK, where the a;jeR},
i, j=0

and use as global degrees of freedom

(1) the values at the nodes of Ty,
(i1) the values at the midpoints of the sides of Ty,
(iii) the values at the midpoint of each rectangle KeT,.

Since the use of rectangular elements requires very special geometry of € it
is of interest to also consider more general quadrilateral elements. The
simplest such element is presented in Problem 12.3 below in connection with
so-called isoparametric finite elements.

3.3 Summary

We have not yet given a formal definition of what we mean by a ““finite
element”. To fill this gap define a finite element to mean a triple (K, Pk, ),
where

K is a geometric object, for example a triangle,
Pk 1s a finite-dimensional linear space of functions defined on K,
2 is a set of degrees of freedom,

such that a function vePy is uniquely determined by the degrees of freedom
2. From Example 3.1 we have that (K, Pk, X), where

K is a triangle,
Px=P¢(K),
2 is the values at the vertices of K,

is a finite element. In Fig 3.7 below we have collected some of the most
common finite elements (cf [Ci]). The various degrees of freedom are denoted
as follows:
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function values
O values of the first derivatives,
O  values of the second derivatives,
/ value of the normal derivative,
32y

V4 value of the mixed derivative )
0X19Xp

Finally, Fig 3.8 indicates in the case of two dimensions the support of certain
basis function veVy, ie, the points x such that v(x)#0. The different cases
correspond to a value at a node, the midpoint of a side or a point in the interior
of an element. Clearly the support is always small and if ¢ and 1 are two basis
functions associated with the nodes N; and Nj, then the supports of the
functions ¢ and v overlap only if N; and N; belong to the same element.

Degrees of freedom = Degree of continuity
Geometry Function space Pk of corresponding
FEM-space Vj
/\ 3 P1(K) CO
/\ 6 Po(K) co
4 Q1(K) co
19 Qa(K) co
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(See Problem 3.4)

2

16 Qs3(K) c
. . 2 P1(K) co
—— . 3 Po(K) co
® —© 4 P3(K) c
& 21 Ps(K) C
Am Ps’'(K) ct

(see Problem 3.7)

4 P1(K) co
10 P2(K) CO

Fig 3.7 Some common finite elements.

<]
\/

)
//I

Fig 3.8 The support of different basis functions.
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Problems

3.1

3.2

3.3

3.4

3.5

3.6

3.7

3.8

82

r -
Show that if veP(I)={v: v(x)= X ajx!, xel, where ajeR}, the set of
i=0

polynomials of degree at most r on the interval I, and if v vanishes at
r+1 distinct points on I, then v=0. Recall that if veP(I) and v(b)=0
for some bel, then v(x)=(x—b)w(x) where weP;_(I).

Prove that if ve P{(K) where K is a triangle, then veP((S) for any side
S of K.

Let K be a triangle with vertices al, i=1, 2, 3. Suppose that vePy(K)
and that v vanishes on the side a2a3. Prove that v has the form

v(x)=M(x)Wr-1(x), xeK,
where w;_1€P;_1(K) and A; is defined in Example 3.1.

Let K be a tetrahedron with vertices al, i=1, . . ., 4, and let all denote
the midpoint on the straight line a'al, i<j. Show that a function
vePy(K) is uniquely determined by the degrees of freedom: v(al),
v(al)), i, j=1,. . ., 4,1<j. Show that the corresponding finite element
space Vj, satisfies V,cC(Q).

Determine the stiffness matrix corresponding to the Poisson equation
(1.16) when Q is a square with side 1 and we use the bilinear element

of Example 3.7 with h=%.

Let K be a triangle with vertices al and let all, i<j, denote the midpoints
of the sides of K. Show that a function veP(K) is uniquely determined
by the degrees of freedom v(all), i<j. Consider the corresponding
finite element space Vy,. Is it true that V,cH!(Q)? Can we apply the
theory of Chapter 2 in this case?

Show that a function veP 5(K)={vePs(K): _g_v is a polynomial of de-
n

gree at most 3 on each side of K} is uniquely determined by the degrees
of freedom D%v(a)), |a|<2, i=1, 2, 3, where the al are the vertices of
the triangle K.

Let K be the triangle of Problem 3.6 and let al23 denote the center of
gravity of K. Prove that veP4(K) is uniquely determined by the
following degrees of freedom



va), 2 (@), i=1,2,3, j=1,2,

3X;
v(al), i, j=1, 2, 3, i<j, v(al?d).

Also show that the functions in the corresponding finite element Vy,

are continuous.
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4. Approximation theory for
FEM. Error estimates for
elliptic problems

4.1 Introduction

For a typical elliptic problem satisfying the conditions (i)—(iv) of Section 2.1,
we have by Theorem 2.4

Hu—uhnvsl(; lu=v||y VveVy.

Choosing v=myueVy, to be a suitable interpolant of u and estimating the
interpolation error |ju—myu||v we obtain an estimate of the error ||[u—uy||v.
In this chapter we study the problem of estimating the interpolation error
||[u—mhul|y. The interpolant-myueVy, is usually chosen so that the degrees of
freedom for Vj, agree for u and myu. In this case the problem of estimating
||u—mhul|y is reduced to the problem of estimating u— myu individually on each
element KeTy,.

4.2 Interpolation with piecewise linear functions in
two dimensions

We shall first consider the case where V=H!(Q) and Vy={veV: v|xeP(K),
VKeTy} where T={K} is a triangulation of QcR?2, ie, Vj, is the standard
finite element space of piecewise linear functions on triangles K (cf Section
1.7). For KeTy, we define (see Fig 4.1)

hx=the diameter of K=the longest side of K,
ok=the diameter of the circle inscribed in K,
h= max hg.
KeT,
To be more precise, we will subsequently be concerned with not only one
triangulation T}y, but a family of triangulations {T}} that are indexed by the
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parameter h. We shall below assume that there is a positive constant 3
independent of the triangulation The{Ty}, ie, independent of h, such that

(4.1) K >p VKeTh.
hg

This condition means that the triangles K €Ty, are not allowed to be arbitrarily
thin, or equivalently, the angles of the triangles K are not allowed to be
arbitrarily small; the constant 3 is a measure of the smallest angle in any Ke T},
for any Tre{Th}.

Let Nj, i=1, . . ., M, be the nodes of Tj,. Given ueC%Q) we define the
interpolant pueVy by
mhu(N;)=u(N;) i=1, ..., M.

Thus mhu is the piecewise linear function agreeing with u at the nodes of Ty,.
We will start by estimating the interpolation error u—myu on each triangle K.
We have the following result.

Theorem 4.1 Let K €Ty, be a triangle with vertices al, i=1, 2, 3. GivenveC%K)
let the interpolant mvePi(K) be defined by

(4.2) nv(a)=v(a), i=1, 2, 3.
Then
(4.3) |lv—nv||L.(k)<2hg |m|a§ ID*|L (k)
ol=
h 2

(4.4) max ||DY(v—nv)||L.k)<6 —& max ||D|| k),

la|=1 OK |a|=2
where

IVl[L.(x)y= max|v(x)].
xeK

Fig 4.1
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Before giving a proof of Theorem 4.1 let us comment on the estimates (4.3)
and (4.4). We note that the size of the errors v—niv and D%(v—nv) depend
on the second partial derivatives of v; the larger these derivatives are, the more
“curved” is the surface representing the function v and thus the larger is the
deviation v—mnv from the plane representing nv (see Fig 4.1). Also note that
the assumption (4.1) will be used in the estimate (4.4) to bound the quantity

hK/QK-

Proof of Theorem 4.1 Let A;, i=1, 2, 3, be the basis functions for P;(K)
described in Example 3.1. A general function wePy(K) then has the
representation

w(x)= i%w(ai)ki(x), xeK,
so that in particular
(4.5) nv(x)= i%1v(ai))\i(x), xeK,
since by (4.2) mv(al)=v(a'). We now derive representation formulas for the

errors v—nv and D%(v—mnv), |a|=1, using the following Taylor expansion at
xeK:

2 Jv
v(y)=v(x)+ = —(x) (yj—xj)+R(x, y),
_|=1an
where
1 2 3%y
R = 3 ) (v
x,y) 251 BxoK &) (vi—x) (yi—xj),

1s the remainder term of order 2 and § is a point on the line segment between
x and y. In particular by choosing y=a!, we have

(4.6) v(ah)=v(x)+pi(x)+Ri(x),

where

0= 5 29 (af—x), ai=(al, a!

Pi _j=1 an X) (aj XJ), a_‘(al, aj),
Ri(x)=R(X, ai).

Since

lal—xj|<hg, i=1,2,3, j=1,2,
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we have the following estimate of the remainder term Rj(x):

(4.7) Ri(x)<2h% mgHD“vHLw(K), i=1,2,3.

Now (4.5) and (4.6) combine to give

(4.8) av(x)=v(x) él M(x)+ él pi(x)ki(x)+i:%1 Ri(x)Ai(x) xeK.
We now need the following lemma whose simple proof is given below.

Lemma 4.1 For j=1, 2 and xeK we have

@9 Zrw=1

@10 3 pk(=0

3 3 9 3
(4.11) 2 —)\i(x)= — 2z )\i(X)=0,
i=1 an an i=1

3 .
@12)  Spi) i)=Y ).
i=1 oxj OXj

By (4.9), (4.10) and (4.8) we have
=Y+ = RIHC).
which gives us the following representation of the interpolation error:
v(X)—nv(x)=— él Ri(x)Ai(x).

Since 0<Ai(x)<1, if xeK, i=1, 2, 3, we can use the previous estimate (4.7)
of the remainder term R; to get

3
V)= (|< E R [h(0)

3
< max |Ri(x)| = A(x) <2hi ’m’ax ID%||L k),  x€K,
i i=1 al=2

which proves (4.3).
To prove (4.4) we differentiate (4.5) with respect to x; to get
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onv

STV )= = v(a) M (x)
3%y i=1 oxy

which together with (4.6) shows that

3 . 3 . 3 .
(4.13) @—V(x)=v(x) P> Ohi x)+ Z pi(x)%(x)fz Ri(x)%(x).
ax1 i=1 ax1 i=1 )<l i=1 X1
Hence, by (4.11) and (4.12) we have
dmv(x ov 3 O\
® =2+ 5 Ri(x) i ),
X1 ox1 i=1 X1
which gives the following representation of the errorﬂ - @:
ax1 ax1
3 .
N - Mm=— TR M(x),  xeK.
9xy 9xy i=1 ox1

It is now easy to see (cf Problem 4.2) that
1

<—

oK’
which together with (4.7) finally gives

i ()

(4.14) max 1

xeK

2

ov omv h
—(x)——(x)| < 6—Lmax||D||L~(x).
(0~ 50| <6 2K max| D -
In the same way we estimate g—‘i — ?’ and thus (4.4) follows. The proof of
X2 X2

the theorem is now complete once the lemma is established.

Proof of Lemma 4.1 The proof is based on the following observation:
(4.15) nv=v if veP{(K),

which of course follows from the fact there is a unique function veP(K)
assuming given values at the vertices of K. If we now choose v(x)=1 in (4.8),
in which case clearly v=mv, we get
3
1= Z Ai(x), xeK,
i=1
since in this case p;=R;=0. This proves (4.9) and (4.11) follows directly.

To prove (4.10) we choose v(x)=d;x1+dx; in (4.8) with djeR. Again v=mv
and further
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pi(x)=di(a}—x1)+dx(as—x2),
and R;=0 so that by (4.8)
3 . .
v(x)=v(x)+ X [di(a]—x1)+da(a;—x2)]Ai(x), xeK.
i=1

and so for all d;eR we have

3 . .
2 [di(aj—x1)+da(az—x2)] Ai(x)=0 xeK.
i=1

This proves (4.10) by choosing di=g—v- (x), i=1, 2. Finally, (4.12) follows in
Xj

a similar way by choosing v=d;x;+d;x; in (4.13). This finishes the proof of
the lemma and the proof of Theorem 4.1 is complete. [

Since Theorem 4.1 states estimates of the interpolation error using the
Lo(K)-norm, it is not ideally suited to give estimates for |lu—mhu||H!(Q)
involving the Lj-norm. For this purpose we will use instead the following

analogue of Theorem 4.1. Here we use the following notation for r=0, 1,
2

90 o vy

V@)=( X [|D%[*dx)"=.
laj=r Q

Note that |v H'(@) measures the L(€2)-norm of the partial derivatives of v of
order exactly equal to r, whereas derivatives of order less than r are not
included. We say that | - i (@) is a seminorm. Since we may have |v|nr(q)=0
even if v#0 (e g if v=1 and r=1), it is not a norm.

Theorem 4.2 Under the assumptions of Theorem 4.1 there is an absolute
constant C such that

|[v—mv||L k)< Chg|v]K),
2

_ L<(C —K 2010,

[V=av' a0 <C 5 Vv

We see that Theorem 4.1 and 4.2 have exactly the same structure, the only
difference being the norm involved, either the L. or the Lj-norm. For
simplicity we have chosen to present a proof in the L-case since we then avoid
some technical complications (for a proof of Theorem 4.2, see [DS]).

Let us now apply Theorem 4.2 to estimate the global interpolation errors
|lu—mpul|; (@) and |u—mpulH'(). We have by summing over KeTh,
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KeT, KeT,

<C%h* 2 ulfry=C*hulie o),
KeT,

and similarly using (4.1), ie, LIS < l,
ek B
h C?h
(4.16) lu—m |H(Q)< ) C2—|U’H(K)< z — K lul fr)
ETh QK Ke h B

Czhz’ ’

B2 AQ)
so that
4.17 - von< 1 Julpio)=Chluli
(4.17) |lu—mtul (@) ?Iuln(m— ulH (@),

if the constant 3 is included in the constant C, and

(4.18) |lu—thu||r,@)<Ch?|u|H Q).

4.3 Interpolation with polynomials of higher
degree

The estimates (4.17) and (4.18) are typical examples of estimates for the
interpolation error u—mu, in this case for interpolation with piecewise linear
functions. If we work with piecewise polynomials of degree r=1 on triangu-
lations T}, satisfying (4.1), we have in the typical case the following estimates:

(4.19) Hu—:rchuHL?(g)SChr”]u
(4.20) ’u—:ﬂ:hu’H‘(Q)$Chr’u

where the constant B is absorbed in the constant C in (4.20). If V,cH%(Q),
then we also have

Hr+1(Q)7

Hr+1(Q)’

(4.21) ’u—ﬂ:hu|H2(Q)SChr_1lulH’“(Q).

Note that for each derivative of the error u—myu, the power of h on the right
hand side drops by one. Note that the constant Cin (4.19)—(4.21) only depends
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on the constant 3 in (4.1) and the degree r, but not on the mesh parameter
h or the function u.

Remark 4.1 1f u does not have the regularity required in (4.19) or (4.20), we
get the corresponding reduction in the power of h: For 1 <s<r+1, we have

(4.22) ”u—JIhUHLZ(Q)\

(4.23) Hu—ﬂhuHHl(Q)\ O

Example 4.1 Let {Tp} be a family of triangulations Tp={K} of QcR?2
satisfying (4.1) and let Vy={veC%Q): v|xeP2(K), VKeT}}. For the finite

element of Example 3.2 we may for veC%Q) define the interpolant mt,ve Vi,
by

npv=v at the nodes of T},
npv=v at the midpoints of the sides of T},.

In this case (4.19) and (4.20) hold with r=2. O

Example 4.2 With Th={K} as in Example 4.1 define Vh={veCY(Q):

v|kePs(K), VKeTy} and for veC%(Q) specify the interpolant m,veVy by
D%r,v=D% at the nodes of Ty, |a|<2,

o THV= g— at the midpoints of each side S of Ty,
n

on

where gﬁ denotes differentiation in the normal direction to S. In this case

(4.19)-(4.21) hold with r=5. O

4.4 Error estimates for FEM for elliptic problems
Recalling again the typical abstract error estimate for an elliptic problem
Hu—uhHVSCHu—VHV VveVy,

and choosing here v=mnpu with mhueVy, and interpolant of u, we have

(4.24) lu—uy|lvs=Cllu—mpully  VveVy.
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Using estimates for the interpolation error |jlu—myully we then obtain
estimates for the finite element error ||ju—up|ly. Using the interpolation
estimates of Sections 4.2 and 4.3 we have for example the following error
estimates:
Example 4.3 With V=H}(Q) and (cf Examples 3.1-3.3)

Vih={veV: v|[keP/(K), VKeTy}, r=1, 2, 3,
we obtain from (4.20) and (4.24)

Hu—uh] ’}f(g)SChr’u H™(Q)

for the finite element method for the Dirichlet problem (1.16). We obtain a
similar result for the Neumann problem (1.36). [

Example 4.4 With Vj, as in Example 4.2 we have for the biharmonic problem
of Example 2.5 the following estimate

|[u—up||@y<Ch*ulpsq). O

Remark 4.2 1t is possible to prove analogues of (4.24) in norms other than
that given by the space V. For example one can prove for the finite element
method of Section 1.4 that (see [RS])

”vu_VUhHLm(Q)sC”vu_vj'ﬁhUHLm(Q),
which together with Theorem 4.1 gives

(4.25) | Vu— Vuy/|L (@)<C max hy max D%l )] O
a =

\J

4.5 On the regularity of the exact solution

We have seen that the regularity of the exact solution u is involved in
estimating the error |[u—uy||y in the finite element method. Let us now give
a typical result that shows how the regularity of the exact solution u depends
on the regularity of the given data. Let us then consider the Poisson equation:

—Au=f in Q,

(4.26) u=0 onT,
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where Q is bounded domain in R? with boundary I and f is a given function.
Let us first assume that T" is smooth, ie, I' is a smooth curve in particular
without corners or cups. In this case there is for s=0, 1,. . ., a constant C
independent of f such that

(4.27) |ul

H5+2(Q)$C| ‘f'

H'(Q)>

ie, if feHS(Q) then ueHs*%(Q), or loosely speaking, we ‘“‘gain two deriva-
tives” in (4.26).

If T is not smooth, then (4.27) may not hold, not even for s=0. If T has
a corner, then the solution u or derivatives of u will in general have
singularities at the corner even if f is very smooth (fe H(Q2) for s large). More
precisely, the solution u of (4.26) with f smooth basically has the following
form close to a corner with angle w (cf Problem 4.6):

(4.28) u(r,0)=r"a(6)+p(r,0), y= %

where a and 3 are smooth functions (here we use polar coordinates (r, 0) with
the pole at the corner). It is easy to see that if w>x then a function u of the
form (4.28) does not belong to H%(Q) if a#0. On the other hand, one can
show that (4.27) holds with s=0 if Q is a convex polygonal domain (in which
case the corner angles satisfy w<s).

For the biharmonic problem (2.22) we have if the boundary T is smooth,
fors=0,1,. . .,

1) <C||f|

||ul HY(Q)-

If T has corners there are results analogous to those just stated for the Poisson
equation (4.26).

Example 4.5 For a solution u of the form (4.28) we have formally that
ueH3(Q) & derivatives DSu of order s belong to Ly(Q) &

R
J|Dsul2dx ~ C [[rY~5]?rdr < .
Q 0

Hence ueH(Q2) if and only if s<y+1. By Remark 4.1 we thus have for the
standard finite element method of Section 1.4 for the Poisson equation in a
polygonal domain that for any >0

(4.29) Hu—uhHHl(Q)$ChY_e| |u] ’HYH_E(Q):ChY_S,

where y=m/w and w is the maximal angle of a corner of I". For example if y="%/1,
which corresponds to a concave corner of angle 3n/2, then
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2
£

§_ .
|lu=up||H'(@)<Ch

We see that in this case we do not obtain the full rate of convergence which
is OCh). O

4.6 Adaptive methods

If the exact solution u has e g a corner singularity, then it is natural to refine
the triangulation close to the corner to increase the accuracy. Recalling that
for the method of Section 1.4 (cf (4.16))

(4.30) Iu— uh,Hl(Q)S ]u— ﬂhu’HI(Q)SC [Z(hK’ ul H?-(K))z]l/z,

it is clear that we somehow would like to balance the size of hg with that of
lu|i?(x) and in particular choose hx small where |u|p?(k) is large. If u has the
form (4.28) with 0<y<1, then one possible refinement is given by (cf Problem
4.4.)

(4.31) hg=Chdy Y,

if hg<dk, where dk is the distance from K to the corner and h is the mesh
size away from the corner. With this refinement we have, disregarding the
€,

(4.32) Iu—uh]Hl(g)$Ch.

Notice that the total number of elements with a refinement of the form (4.31)
is of the order O(h‘z), i.e., the same as with a'uniform mesh of size h. Thus,
in this case the refinement does not increase the total number of unknowns
significantly but significantly increases the precision (from (4.29) to (4.32)).

In general the nature of the exact solution u is not known beforehand and
then it is not clear how to locally refine the finite element mesh. Recently
methods for automatic mesh refinement, so-called adaptive methods, have
been developed which do not require the user to supply information on the
smoothness of the exact solution. In these methods this information is instead
obtained through a sequence of computed solutions on successively refined
meshes.

To very briefly describe some of the basic ideas underlying adaptive
methods, suppose d>0 is a given tolerance and suppose we want to obtain a
finite element approximation uy such that

(4.33) ’u—uthl(Q)Sé.
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Relying on the error estimate (4.30) we see that (4.33) will be satisfied if the
corresponding finite element mesh T,={K} is chosen so that

(4.38) S (hifuleg)?~(2)2
KeT, C

To determine a mesh satisfying (4.34) we may proceed as follows: Choose a
first mesh T,={K} and compute a corresponding finite element solution {y,.
Using G, compute approximations to |u|u®) denoted by |iy|n3(R) for KeTh.
The quantity |an|pk) may be obtained using difference quotients based on
the values of Vuy at the centers of gravity of K and neighbouring triangles
in T},. Next, construct a new mesh Th={K} by subdividing into four equal
triangles each KeTy, for which

(hg|n|H2(®))?* > =—,
where N is the number of triangles in Tp. Next, compute the finite element
solution up on the new mesh T} and repeat the process until

(435 3 (wluligo) <(2)2

KeT, C
Note that by the construction if follows (if 0 is small enough) that for the final
mesh Ty, satisfying (4.35), all the terms in the sum will be approximately equal.
Note also that after refinement of certain triangles, the resulting mesh is
completed into a triangulation as in Fig 1.15.

It is also possible to control the error in other norms than the H!(Q)-norm
used in (4.33), for instance we may want to control the gradient error in the
maximum norm. In this case we base the adaptive method on the error
estimate (4.25) and seek to find a mesh Tp={K} such that

(4.36) ChK|m|axHD°‘uh||Lw(K) ~0 VKeTy,
al=2

where as above ||[D%up/|r k) is a computed approximation of |[D%l|_x).
Again the final mesh satisfying (4.36) is constructed through a sequence of
successively refined meshes where triangles K for which the left hand side of
(4.36) is larger than & are refined. In Fig. 4.2 we give the sequence of meshes
(with azoom at the origin for the final mesh) obtained by applying an adaptive
method of this form with §=0.1 and C=1 to the problem

Au=0in Q,
u=ugon T,
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where Q={x=r(cos0, sin0): 0<r<1, 0<6<37/4} with exact solution
u(r, 0)=r"sin(y0), y=4/3. In Fig. 4.3 we give the actual gradient error | Ve(x)|
as a function of the distance |x| to the origin along the radius 6=nr/2. We
observe that the gradient error is roughly equal to the tolerance and thus we
see that the adaptive method is able to find a good mesh in this case. This
example is taken from [EJ2], where theoretical and computational results for
adaptive methods of the indicated type are given, see also [E].

For adaptive methods for parabolic problems we refer to Section 8.4.4. For
another approach to adaptivity, see [BR], [BM].
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Fig 4.2 Sequence of meshes obtained by adaptive FEM
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Fig 4.3 Gradient error
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4.7 An error estimate in the L,(€2)-norm

We have seen that if we apply the finite element method with the space
Vi={veH{(Q): v|[xePi(K), VK€eT}y} to the Poisson equation (1.16) with Q
a polygonal domain, then we have the following estimate for the error u—u
in the H!(Q)-norm:

(4.37) |lu—up||1'(@)<Chlu| ().
This trivially gives the following L;(Q)-estimate:
(4.38) Hu_UhHIJZ(Q)SCh’u’HZ(Q).

On the other hand by (4.18) the interpolation error, u—myu, satisfies the
second order estimate:

[lu—mnul|L,@)y<Ch?/u|pyq).

We shall now prove that we have a similar estimate for ||u—uy||r,(@) so that
this quantity in fact converges at the optimal rate. We shall then assume that
the polygonal domain Q is convex (if 2 has a smooth boundary, then convexity
is not required).

Theorem 4.3. If Q is a convex polygonal domain and uy, is the finite element
solution of the Poisson equation (1.16) with piecewise linear functions, ie uy,
satisfies (1.20), then there is a constant independent of u and h such that

Hu—uh! ’Lz(Q)SChzfu’HZ(Q).

Proof. Subtracting (1.19) and (1.20) we obtain the error equation
(4.39) ale,v)=0 VveVy,

where e=u—uy, and the notation of (1.19) is used. We shall now estimate
(e, €)=|le||{ () using a so-called duality argument which is often used in finite
element analysis (see also Chapter 8). Let ¢ be the solution of the following
auxiliary dual problem:

—A@p=e in Q,
=0 onT.

Since Q is convex we have from (4.27) with s=0,

(4.40) !z @) <Cllel|L@)
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where the constant C does not depend on e. Using Green’s formula and the
fact that e=0on T,

(e, e)=—(e, Ag)=a(e, p)=a(e, p—mh@),

where the last inequality follows from (4.39) since mh@peVy so that
a(e, mp@)=0. Applying now the interpolation estimate (4.18) to ¢ and using
also (4.40), we find

le] \fz(Q)SHCHH‘(Q) |l o=t @)<Cl|e||n'(@hl|e|H(q)

<Chlle||u!@)lle|lL,@)-

Dividing by ||e||L,@) and recalling (4.37) we finally get
|lellL,@)<Ch|le||u!@)y<Ch?uliy )

and the proof is complete. 0O

Remark 4.3 The basic stability inequality (2.6) for (4.26) states that

A
(4.41) lullai @)=
where A is any constant such that
ILW)|=[(f, v)|<Allv][Hi@) VveHy(Q).
The smallest possible choice of A is given by

(4.42) A= sup M—'—
VGH(l)(Q) ”VHHI(Q)

v#0
Clearly the quantity A defined by (4.42) measures the size of f in a certain
sense and in fact we may define a norm || - |[u-'(q) by
f, v
(4.43) Iflla@= sup ﬁ—ll
VEH%)(Q) Iv|a ()
v#0

This is the norm in the so-called dual space H~1(Q) of H%,(Q). Note that

f, v
M= sp L0
vely(Q) L)

v#0

98



and since we take sup over a larger set, we clearly have that || - L) is a
stronger norm than || -||gY(q), ie,

|l la @) =<IIfllLy)-

By (4.42) and (4.43) it follows that the basic stability inequality (4.41) may
be written as

1
lulley= S [Iflln- (@),

which formally corresponds to (4.27) with s=—1. O

Problems

4.1

4.2
4.3
4.4

4.5

4.6

4.7

4.8

Let I=[0, h] and let mvePy(I) be the linear interpolant that agrees with
veCY%I) at the end points of I. Using the technique of the proof of
Theorem 4.1 prove estimates for ||[v—anv||L ) and ||v'—(7wv)'||L_ ), cf
(1.12) and (1.13).

Prove (4.14).
Estimate the error ||u—uy| 1) for Problem 1.5 and Example 2.4.

Prove that the total number of elements with a corner refinement of
the form (4.31) is O(h‘z).

Determine a suitable refinement in case the exact solution has a
singularity of the form (4.28) with 1<y<2 and we want to control
| Vu—=Vub||L () via the estimate (4.25), cf [EJ2].

Using polar coordinates (r, 0), let Q={(r, 0): 0<r<1, 0<0<w} be
a pie-shaped domain of angle w. Prove that the function u(r, 6)

=r¥sin (y0), y=£, satisfies: Au=0 in Q, u=0 on the straight parts
W
of the boundary of Q.

Prove, by modifying the proof of Theorem 4.3, the following L;-

estimate for the standard finite element method of Section 1.4 for

Poisson’s equation on an L-shaped domain (cf Example 4.5):
[lu=un[[L,@)<Ch*>~e.

Let Vy, be a finite element space on a triangulation T}, of the domain
QcRY satisfying (4.19). Given ueLly(Q) let upeVy, be the Ly(Q)-pro-
jection of u onto Vy, ie,
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(4.44) (up, v)=(u, v) VveVy,

where (., .) is the scalar product in L(€2). Prove the error estimate

||u—uhHL2(Q)Sinf HU_V”L2(Q)SChr+1,u HHI(Q),
veVy,

and that

|lun| | @)<|ullL @)
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S. Some applications to elliptic
problems

This chapter presents applications of the finite element method to some basic
problems in continuum mechanics of elliptic type. We first give suitable
variational formulations of the continuous problems.

3.1 The elasticity problem

Consider a homogenous isotropic elastic body B occupying the bounded
domain Q<R3 with boundary I' decomposed into two parts I’y and I'; with
the area of I'; being positive. Let B be acted upon by a volume load f=
(f1, f, f3) and a boundary load g=(gi, g2, g3) on I'y, where the f; and g; are
the components in the xj-direction. Further, let us assume that B is fixed along
I'; (see Fig 5.1).

Fig 5.1

We want to determine the displacement u=(uy, uy, u3) and the symmetric

the displacement in the x;-direction, o;; is the normal stress in the x;-direction,
and the ojj, i#], are the shear stresses. Further, g(u)=(gjj(u)), where
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Ju; Ju;
LW Sy i=1,2, 3,
2 0xj  Oxj

gij(u)=

is the deformation (tensor) associate with the displacement u. Assuming that
B is linearly elastic and that the displacements are small, we have the following
relation between stresses and deformations, or constitutive relation (Hooke’s
law):

(5.1a) Oijz)\ div u 6ij+usij(u),

where A and p are positive constants,

We also have the equilibrium equations

3 Joj : :
(5.1b) - ¥ —L=f; inQ,i=1,2,3,
j=1 OXj
together with the boundary conditions

(5.1¢) u=0 on I,

3
(5.1d) 2 ojjnj=g; on I'y, i=1, 2, 3,
j=1

where n=(n;) is the outward unit normal to I'.

Remark The constants p and v in (5.1a) can be expressed as
_E z Ev

v (14v) (1=2v)

where E is the modulus of elasticity (Young modulus) and v is the contraction
ratio (Poisson ratio) of the elastic material of B. [

In the remainder of this chapter the following notation for partial derivatives

will be used
vj=2Y,j=1,2, 3.
OXj
We shall also use the summation convention that repeated indices indicate
summation from 1 to 3. With this convention we may write the equilibrium

equations (5.1b) as follows
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—0g;,;=f 1nQ,i=1,2,3.

We will now give a variational formulation of the elasticity problem (5.1).
Let us then first note the following Green’s formula:

(5.2) f OijSij(V)dx=f OijnideS—f Gij,j Vidx,
Q r Q
where the summation convention is applied in all terms, ie, we sum over i

and j from 1 to 3. To show (5.2) observe that since o;j=0j and eij(v)=% (Vi,j
+Vj,i), we have

1 1
9ijeij (V)= 5 (0ijVi,j+0jivii) = 5 (ijVij+0ij¥i,j) = Oijvi

Hence, by Green’s formula (1.17) we get
foijsij(v)dx=_f0ijvi,jdx=foijnjvids—foij,jvidx,
Q Q r Q
which proves (5.2). Let us next choose a test function v=(vy, v, v3)e[H(Q)]?
(ie each component v;e H(Q)) such that v=0 on I';, multiply (5.1b) by vj,

sum over i from 1 to 3 and integrate over Q. By Green’s formula (5.2), we
then have

ffividx= - foij,jvidx= foij Eij(v)dx— foijnjvids s
Q Q Q I

where the boundary integral over I'; vanishes since v=0 on I';. Using also
(5.1d) we thus have

Joijeij(v)dx= [fividx+ [ givids.
Q Q [
Finally, we eliminate oj; by using (5.1a) to get
JIA div u div v+pegij(u)gi(v)]dx= [fividx+ [ givids,
Q Q r,
since
div u §;jg;j(v)=div u div v.

We are thus led to the following variational formulation of the elasticity
problem (5.1): Find ueV such that

(5.3) a(u, v)=L(v)  VveV,

where
a(u, v)=[A div u div v+peij(u)gij(v)]dx, L(v)= [fividx+ [givids,
Q QO r

V={ve[H}(Q)]?: v=0 on Iy}.
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Let us now check if the assumptions (i)—(iv) of Section 2.1 are satisfied in
this case. We can routinely verify (i), (ii) and (iv) and thus it only remains
to prove the V-ellipticity, ie, to prove that there is a positive constant a such
that

(5.4) a(v, v)=al|[v||3  VveV,

where

3
Ivllv=]v]la'@)=( Eleil |02,

This inequality follows directly from Korn’s inequality: There is a positive
constant ¢ such that

(5.5) [eig(We(vydx=c||v][=c(vl fr oy +IVIIT (@)-
Q

We notice in particular that (5.5) amounts to proving that the L;-norm of any
partial derivative v;j can be estimated by the Ly-norms of the deformations
&;j(v) involving only certain combinations of the v; ;. Since (5.5) involves also
the L;-norm on the right hand side, we need I'; to have positive measure (cf
Example 2.7). For a proof of Korn’s inequality we refer to [Ni] (the proof is
easy in the case I';=T, cf Problem 5.2).

Now we are able to formulate a finite element method for our elasticity
problem. Let then T,={K} be a ““triangulation” of Q into tetrahedrons K as
described in Example 3.6 and define

Vh= {VGV: V’KE[Pl(K)P, VKGTh}.

Each component v; of a function veVj, is thus a piecewise linear function
vanishing on I';. We now formulate the following finite element method for
(5.1): Find uy€Vy, such that

a(up, v)=L(V) VveVy.

According to the general theory of Chapter 2 this problem has a unique
solution and by the interpolation results of Chapter 4 we have the following
error estimate:

|lu—up||1!(@)<Ch|uluy ).

Problems

5.1  Consider the elasticity problem (5.1) in a three-dimensional domain
f2=Qx(—s, g) with QcR2, ¢ small and F3=f3=0. This corresponds
to a thin elastic plate with middle surface Q subject to in-plane loads
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only (no transversal loads). Assuming ‘“‘plane stresses’” (ie, 0j3=0,
i=1, 2, 3) prove that in this case (5.1) is reduced to:

oij=h(e11(0)+en(u)di+u gi(v), i, j=1, 2,

2 ..
s g, | j=12,
j=1 OX;
u=up=0 onTy, 1=1,2,
2
2 gjnj=F; onIy, i=1,2,
j=1
+_ Ev —-_ E . .
where A= —— u=——, I'; and I, is a decomposition of the

1—v2’ 1+v

boundary of € and f; and F; are given forces. Give a variational
formulation of this problem and formulate a corresponding finite
element method. Determine the stiffness matrix in a problem with
simple triangulation and piecewise linear displacements. In Fig 5.2
below we give the computed displacements using bilinear elements on
the indicated triangulation for the above problem corresponding to a
thin plate fixed at both ends and subjects to a distributed load as
indicated. The Young modulus E is here different in the upper and
lower halfs of the plate denoted by I and II, with E being larger in II.

[ JF ]
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A-d-4--q4--¢--1 = S & 5 & 5 = =~
? C - B4 /
7 3--d--3--4--A--4-4-- 411~ bbbk -
/ o o o - EESE AN Z
/ T o /
s II =23--1--1--1--4--¢--t—-1-t—-1" wia 212 TEE TER EIX T3 $IS Ebs 211 IF “
] 1 L~
/ ot 44 el b b it 2l B i i 2 d b fd hibh el dakd “1-"f1""1""1""1- /
s zefo-b--F--F--fk--F--F--F--F-F- bk Ak Ak ==4--1- 1--1::- L=t BF o
& b 3 : 'r { D » 0 /
ZANRRR S NN LT
Fig 5.2

5.2. Prove Korn’s inequality in the case

Jvijviidx = [vivj jdx.
Q Q

I,=I". Hint: Prove that
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5.2 Stokes problem

The stationary Stokes equations for an incompressible Newtonian fluid with
viscosity u, enclosed in the domain Q=R3, and acted upon by the volume load
f, read in the notation of Section 5.1:

0;j=2p&ij(u)—p d; in Q, 1i,j=1, 2,3,
—0ij,i=f in Q, i=1, 2, 3,
div u=0 in Q,

u=0 on €, [

where 0=(0jj) is the stress, p the p\'es\sure and u=(u;) the velocity. Eliminating
0jj we obtain the following equivalent formulation:

(5.6a) —uAuH—p,i:fi in Q, i=1, 2, 3,
(5.6b) div u=0 in Q,
(5.6¢) u;=0 onI', i=1, 2, 3.

We now seek a variational formulation of (5.6). Let ve[Hy(Q)]? be a test
function satisfying the incompressibility condition div v=0 in Q, multiply
(5.6a) by vj, integrate over Q and use Green’s formula. Then summing over
1, we get

ffividx= - ptf Aujvidx+ fp,ividx
Q Q Q

=—{ %vids+ uf Vui- Vvidx+ [pnjvids— [pv; jdx
T on Q r Q

=pf Vi Vvidx,
Q

since vi=0 on I' and div v=v; ;=0 in Q. Thus we are led to the following
variational formulation of the Stokes problem (5.6): Find ueV such that

(5.7 a(u, v)=L(v) VvevV,
where

a(v, w)=uJ Vvi- Vwidx,
Q
L(v)=[fividx,
Q

V={ve[H)(Q)P: div v=0 in Q}.
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We can easily check that the conditions (i)—(iv) of Section 2.1 are satisfied.
Note that in the formulation (5.7) the pressure p has “disappeared’’, which
comes from the fact that we are working with a space V for the velocities where
the incompressibility condition div v=0 is satisfied.

To formulate a finite element method for (5.6) based on the variational
formulation (5.7) we need to construct a finite-dimensional subspace Vj, of
V. It turns out that this is not altogether easy since we have to satisfy the
condition div v=0 exactly. For simplicity, let us consider the analogue of (5.7)
in two dimensions, in which case
ovy ovp

+

V={v=(v1, v2) e[Hy(Q)]?: div v= ax;  9xy

=0 in Q},

where QcR?. By a standard result in advanced calculus it follows that if Q
is simply connected, ie, if Q does not contain any “‘holes”, then div v=0 in
Q2 if and only if

39 _@;)

=rot o= R
Y ? (8)(2 8x1

for some function . More precisely (cf Problem 5.1), one has
(5.8) veV&ev=rot ¢, peH3(Q).

The function @ is the stream function connected with the velocity field v.
Let now Wy, be a finite-dimensional subspace of H%(Q) e g constructed using
the Cl-element of Example 3.5 and define

Vh={v: v=rot @, peWp}.

Then V=V and formulating a finite element method in the usual way by
replacing V by Vj in (5.7) we obtain a discrete solution uy satisfying the
following error estimate:

[u—uy| |H1(Q)$Ch4’u,ﬂ5(g).

Chapter 11 gives other finite element methods (so-called mixed methods)
for the two dimensional analogue of the Stokes problem (5.6) not requiring
the velocity space Vy, to satisfy the incompressibility condition exactly.
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5.3 A plate problem

Consider a thin elastic plate P with middle surface given by the domain QcR?2
with boundary I'" and acted upon by the transversal load f, see Fig 5.3.

Fig 5.3

We seek the transversal deflection u together with the moments ojj, 1, j=1,
2, under the load f. Here aj; is the bending moment in the x; — direction and
o12=091 the twisting moment. Assuming small deflections and a linearly elastic
material, we have the following constitutive relation (cf Hooke’s law):

(5.9) gjj=hAu dj+punij(u), i=1, 2,
where A and p are positive constants, and
d%u
wio(u)=u = ,
(W) =u OX;OX;

defines the curvature tensor. Further we have the following equilibrium
equation:

(5.10) 0ij,ij=f in €,
where again the summation convention is used.

To define the boundary conditions let n=(nj, n;) be the outward unit
normal to I', t=(t;, t2)=(n, —n;) the tangent to I' and define

ou o
—=u jn; (normal derivative),

on
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5E—=u,jtj (tangential derivative),

Onn= 0jjN;N; (normal moment),

Ont=0jjNijt; (twisting moment),
aOm

R(0)=a0jj jni+ e (transversal force).

Now let the boundary I' be partitioned into three parts I';, i=1, 2, 3, and

consider the following boundary conditions:

(5.11a) =-§B= on I'; (clamped),
n
5.11b u=0,,=0 on I'; (freely supported),
y supp

(5.11¢) onn=R(0)=0 on I'; (free boundary).

Let us now give a variational formulation of the plate problem (5.9)-(5.11).
Let ve H2(Q2) be a test function satisfying the essential boundary conditions

N
_on_ on I'q,
on
(5.12) v=0 on I',.

If we now multiply the equilibrium equation (5.10) by v and integrate over

Q2, then repeated use of Green’s formula gives

(5.13) ffv dx=f0ij,ijv dx:foij,jniv ds—foij,jv,idx
Q Q r Q

= foij,jniv ds— foijnjv,ids+ foij%ij(v)dx.
r r Q

Since
vi= M Ny i=1, 2,
”  On ot
we have
0ijn;Vv ;= 0jjn;n; Qy-f—o“n-t- §—Y=0 @4— o v
1144V, l]]lan ljjlat nnan ntat,

so that (5.13) can be written

(5.14) Joixij(v)dx= [fv dx— [ojj niv ds+ [ Opn —
Q Q r r
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If the boundary I" is smooth, partial integration along I'" gives

Oyt —ds= v ds.
I_[nt I St

in which case (5.14) can be written
Joixij(v)dx= [fv dx+ [onn §de—fR(o)v ds.
Q Q r on T

If we now use the boundary conditions (5.11) and (5.12), we see that the
boundary integrals disappear and on eliminating o;; also, by using (5.9), we
finally get

JIMAuAV+pij(u)xij(v)]dx=[ fvdx.
Q Q

Thus we are led to the following variational formulation of the plate problem
(5.9)—(5.11): Find ueV such that

a(u, v)=L(v) VvevV,
where
a(u,v)=[[AAuA v+ puij(u)xij(v)]dx,
L(v)= ffgz/ dx,
Q

V={veH}(Q): v= %:0 on Ty, v=0 on Ty}
We immediately see that the conditions (i), (ii) and (iv) of Section 2.1 are
satisfied and it is possible to verify the V-ellipticity for example in the case
when the length of T’y is positive, ie, when P is clamped along a part the
boundary (cf Problem 2.2).

We can now in a routine way formulate a finite element method for the plate
problem using the Cl-element of Example 3.5. We leave the details to the

reader.

Remark The constants A and p in (5.9) are given by

_ _Ed& = vEa3
12(1+v)"  12(1-v2)

where E is the Young modulus and v the Poisson ratio of the elastic material
of the plate. [
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Problems
5.2 Prove (5.8).

5.3  Show that the analogue of Stokes equations (5.6) in a two-dimensional
simply connected domain €2 can be formulated as the biharmonic
problem (2.22) by introducing the stream function as unknown.

5.4  Show that the plate problem (5.9)—(5.11) takes the form (2.22) if
r=T.
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6. Direct methods for solving
linear systems of equations

6.1 Introduction

We have seen in Chapters 1 and 2 that application of the finite element method
to a linear elliptic problem typically leads to a linear system of equations

(6.1) AE=b,

where A=(a;jj) is a symmetric, positive definite and sparse MXM matrix, and
beRM. We also know that the unique solution E€RM of (6.1) can be
equivalently characterized as the solution of the quadratic minimization
problem

(6.2) Min [L1-An—b-q].

neRM 2
To compute the solution § we can start either from (6.1) or (6.2). In this
chapter we shall study some direct methods, or methods based on Gaussian
elimination, for the solution of (6.1). In the next chapter we shall study some
minimization algorithms for the solution of (6.2) that may be viewed
equivalently as iterative methods for (6.1).

Remark Finite element methods for first order hyperbolic problems typically
lead to non-symmetric linear systems of equations, see Chapter 9 below. In
this case there is no associated minimization problems (unless a least-squares
formulation is used) and it is not yet clear how to construct efficient iterative
methods for general classes of non-symmetric problems. Thus, for such
problems Gaussian elimination (with pivoting, cf below) is often used. O

6.2 Gaussian elimination. Cholesky’s method

We recall (cf any basic course in numerical analysis) that using Gaussian
elimination to solve (6.1), we obtain a LU-factorization of A of the form
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(6.3) A=LU,

where L=(l;j) is a lower triangular MXM matrix (ie, L;j=0if j>i), and U=(u;))
is an upper triangular matrix (ie, u;;=0 if j<i), or diagrammatically:

X
X X 0
L={x x x, , U
W
X CX X
h d

[

X X X-..-.X
X Xov-.X
= x',.
0 X X
{ X

L

L

From the factorization (6.3) it is easy to solve the system AE=b by using
forward and backward substitution to solve the triangular systems:

(6.4a)
(6.4b)

Ln=b,
UE=n.

We recall that U=AM) where the matrices A®), k=1, ..., M, are successively

computed as follows:

(i) A=A,
(i) Given A®) of the form
F
k
a®
0.
AR = | 0 af(k)
0 0 agf()
b
determine A(+D=(a{*") as follows
k+1 k
ai(j +1) =ai(j,)
(6.5)
(k+1) _ (k) ai(ll:) ()
i T T %

k
ajy
under the assumption that al((ll‘();éO.

We also recall that L=(/;;), where

[ L= 1,
(k)
a.
llk': - _lz}l((—)-,
Ay
» k=0,

j=k, .
1=17 L] M9
i=k+1, ..., M,
if i<k.

113



One can show that if A is symmetric positive definite, then a{>0,

k=1, ..., M. Thus, Gaussian elimination can be performed without pivoting.
In addition, under the same hypothesis it is not necessary to perform pivoting
to prevent numerical instability due to too small pivot elements a&). Thus,
we may perform the Gaussian elimination in any desired order. We will see
below that different direct methods for (6.1) essentially differ in the choice
of the order of the elimination, ie, the enumeration of the nodes in case we
perform the elimination according to the ordering of the nodes.

Since A is symmetric positive definite we may alternatively factor A as

A=BBT,
with B=DL and where D is a diagonal matrix with diagonal elements
dik= a&), k=1,..., M,

and L and af(lf() are obtained through the Gaussian elimination given above.
Here BT denotes the transpose of the matrix B. The elements bjj of the matrix
B can alternatively be determined using Cholesky’s method as follows:

bi1=Vay,
aj] .
by =—, i=2,..., M,
Y oby
and for j=2, ..., M,

=1,
bjj=[ ajj— 2 bk ]
j—1

J . .
bij=(aj= X bibj)/bjj, i=j+1,.. ., M.

6.3 Operation counts. Band matrices

The number of arithmetic operations to obtain an LU-factorization of a dense
M XM matrix (i e matrix with few zero elements) is asymptotically of the order
M3/3. If the matrix is sparse, then it is possible to greatly reduce the number
of operations by using the sparsity. This is particularly easy to do if the matrix
A is a band matrix, ie, there is a natural number d, the band width, such that

a;j=0 if |i—j|>d.
A band matrix has the following form, where the shaded area indicates where

non-zero elements may occur (some elements in the band may be zero):
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To factor an M XM matrix with band width d one needs asymptotically Md?/2
operations (cf Problem 6.1), which is much less than the number M3/3 for a
dense matrix if d is much smaller than M.

In our applications when a;j=a(@;, ¢;), where a(. , .) is a bilinear form and
{®1, . . ., M} is a basis for a finite element space Vy, we have that

d=max {|i—j|: @i and g; are associated with degrees of freedom
belonging to the same element}.

Clearly, the band width depends on the chosen enumeration of the nodes, and
thus if Gaussian elimination is to be used, then we want to enumerate the
nodes so as to make the band width (nearly) as small as possible.

Example 6.1 Let us consider the following enumeration giving minimal band
width

5 10 50
4¢—9 )

38

2¢7

]

In this case we have d=5 (assuming one degree of freedom associated with
each node). With a horizontal enumeration instead we would have d=10. [
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Example 6.2 In a typical application with a uniform triangulation of the unit
square with mesh size h and node enumeration according to Example 6.1, we
have that M=0(h~2) and d=0(h~1), and thus the work estimate for Gaussian
elimination is in this case 0(h=4) or O(M?). O

Note that a band matrix A is stored as a vector with e g the columns in the
band in consecutive order. If A is also symmetric then only eg the upper
triangular part of A needs to be stored. Thus, if A=(aj;) is a symmetric band
matrix with band width say 2, then A may be stored as a vector a=(a;) with
the elements a; corresponding to the matrix elements a;; as follows:

~ -

aip, a a4 O 0 0
a3z as a7 O 0

A= ag asg a1 0
Sym a9 a1 a13
a2

- -

Remark 1t is sometimes convenient to allow the band width to vary from one
column to another. To store A in this case, we again store the columns of the
band consecutively in a vector a=(a;). We then also have to supply information
concerning the indices of the diagonal elements. As an example, a matrix A
with the following variable band structure

ay, a a 0 0 0 0]
as as a;g aypp O 0
ae asg att 0 0
A= ag ap O 0
sym a;3 ay O
a5 aie
i a17]

can be stored as the vector (ay, . . ., aj7) together with the list of indices of
diagonal elements (1,3, 6,9, 13, 15, 17). This is referred to as a skylinemethod
of storage. [J

6.4 Fill-in

Using (6.5) it is easy to see that if A is a band matrix with band width d, then
so are the factors L and U in an LU-factorization of A. However, the matrices
L and U may have non-zero elements within the band at locations where the
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elements of A are zero. This is called fill-in. In the applications most of the
elements of A within the band are zero (see eg (1.25)), while with usual
orderings such as in Example 6.1, most of the elements of the factors L. and
U within the band are non-zero. Thus, the factors L. and U contain many more
non-zero elements than A and we have a considerable fill-in. Different
enumerations of the nodes may give different degrees of fill-in, cf the nested
dissection method below. Notice that the density of the factors L and U
influence the cost of the backward and forward substitutions (6.4a, b). With
most of the elements non-zero within the band, as is typical with usual
orderings, this cost is O(Md).

We will now briefly consider some common variants of Gaussian elimi-
nation, namely the frontal method (cf [1]) and nested dissection (cf [Ge]).

6.5 The frontal method

In this method the assembly of the stiffness matrix and the Gaussian
elimination are carried out in parallel. Moreover, it is not necessary to store
the entire matrices A(K) obtained through the elimination process in the fast
memory, which may be difficult if M is large; instead it is sufficient at each
step of the elimination to store just a smaller part of AX) in the fast memory
and communicate with a secondary memory only at the beginning and end
of each step.

Let us give some more details of this procedure and to be specific let us
consider the same situation as in Section 1.8. That is, let A=(aj;) be the
stiffness matrix associated with the Neumann problem of Example 2.1 and
the standard finite element space of piecewise linear functions on a triangu-
lation Tp={K} with basis {@1, . . ., om}. Suppose further that the nodes are
enumerated so that A is a band matrix with band width d<M. The frontal
method is based on the following facts:

(i) The matrices A®), k=1, ..., M, obtained through the Gaussian
elimination, are all band matrices with band width d. To compute
Ak+D) with Ak) given, we need to change the elements a% by

subtracting the quantities
(k)
ik

(k)
apy

al((‘JS) for 1=k+1, .. ., k+d, j=k, k+1, . . ., k+d.
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In other words, to compute A&+ it is sufficient to work with the
(d+1)x(d+1) matrix
k k
agck) al(<,)k+d
Bx= . .
k k
aﬁld, Ke o oo e o aﬁld, k+d

occupying the following part of AK):

k
k
AX
B,
)
) la
Z
(ii) In the assembly
ajj=2Zak(Pi, §;),
K

we add the contributions ak(@;, @;) from triangles K in which both
node i and node j are vertices. Now, to eliminate the variable &,
ie, to take the step from A®) to Ak+1) we only need to have the
matrix elements in column and row k fully assembled, while the
matrix element a;; with i, j=k+1 may be modified at a later stage
by adding the contributions ak(;j,®j) not yet included.

From (i) and (ii) it follows that we may perform the assembly and elimination
in parallel. In step k with A® given, we first assemble all remaining
contributions from triangles K with node k as vertex, and then we compute
A&+1) in the usual way. In this case only the elements in By, the so-called
active area, will be modified. At the end of step k we store row k of A% (or
AK+D) " which will be row k of the upper triangular factor U in the
factorization A=LU, in a secondary memory and then move the active area
one step in the south-east direction.

The line dividing the triangles with fully assembled contributions and the
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remaining triangles with not yet fully assembled contributions, is called the
front. The assembly activity takes place at the front and with a suitable
enumeration the front will sweep over the region Q in the combined
assembly-elimination. We now consider an example.

Example 6.3 Consider the following triangulation of the region Q:
3
1
y h
9
2

where the nodes have been numbered and the triangles are denoted by the
letters a—i. The corresponding stiffness matrix has the following structure
where x indicates non-zero elements.

active X X X X|
area at X X X i X
step 1 X X X X
X X X X I X X X X
T x0T x x X
X X X X X
X X X X X
X X X X X
i X X X X

Step 1. Assemble contributions from triangles with node 1 as vertex, ie, the
triangles a and b. Eliminate node 1 (variable &;) and store row 1.

Let x; denote the elements modified in Step 1. We have now obtained the
following situation (note the fill-in: the element at location 23 is now non-zero
corresponding to the fact that node 2 now is coupled to node 3 through the
eliminated node 1),
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active [x  x X X ]
area at x|l x1 x1 X :
step 2 Xl: X1 Xt Xi | X
X1l X1 X3 X3 X : X X X
LX ___X_X| x
X X X X X
X X X X
X X X X X
i X X X X

Step 2. Assemble the remaining contribution from triangles with node 2 as
a vertex, ie, the triangle c. Eliminate node 2, etc.

6.6 Nested dissection

In the nested dissection method one uses an enumeration of the nodes
radically different from the ones we have used above. We illustrate the method
in a simple example with the finite element method of the previous subsection
on the following triangulation of the unit square Q:

14
—

16

\1 8

19 \B \Js 4 20

121 \J22 \[23 2&25

Step 1. We first view the structure or triangulation of €2 subdivided into four
substructures A-D as follows:
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We then eliminate the inner nodes in each substructure, ie the nodes

1 to 4.

Step 2. We now combine A and B into one structure AB, and C and D into

one structure DC:

AB

CD

[ ]

[ ]

We then eliminate the inner nodes in AB and CD, and combine AB
och CD into one structure ABCD:

[ ]

o

P

@

&

and eliminate the inner nodes 7-9.

Step 4. The nodes 10-25 are eliminated.
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Analogously, it is possible on more general triangulations to perform the
elimination by successively creating larger and larger substructures and
eliminating inner nodes. Suppose €2 is the unit square with a uniform
triangulation with step length h/(P—1), where P=2P+1, p a natural number,
with M=P2? nodes. One can then show (cf Problem 6.2) that the nested
dessection method requires 0(M*2) operations for LU-factorization of the
corresponding stiffness matrix A. This should be compared with the 0(M?)
operations needed using the usual enumeration and storing A as a band matrix
with band width M (cf Example 6.2).

The reason that the nested dissection method is more efficient in this case,
is the fact that it produces less fill-in. For general geometries, however, it may
be rather difficult to implement the nested dissection method.

Problems
6.1 Show that the number of operations to factor a M XM matrix with band
width d, is of the order Md?/2.

6.2  Show that the operation count for the nested dissection method is
0(M372) in the example considered above.
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7. Minimization algorithms.
Iterative methods

7.1 Introduction

In this chapter we consider iterative methods for the numerical solution of
minimization problems of the form

(7.1) Min f(n),
neRM
where f: RM— R is a quadratic function

1
(7.2) f(n)=§ n-An-b-n,

with A a sparse symmetric positive definite MXM matrix and beRM. As we
have seen above, application of the finite element method to a linear elliptic
problem typically leads to a problem of the form (7.1). We know that (7.1)
admits a unique solution EeRM equivalently characterized by the equation

(7.3) AE=b.

Iterative methods for the solution of (7.1), or equivalently (7.3), play an
increasingly important role in finite element applications. A key fact making
iterative methods advantageous is the extreme sparsity of the matrix A in
standard applications. For a given type of finite element the number of
non-zero entries in each row of A is bounded independently of the mesh size.
This means that if only the non-zero entries of A are stored, then to compute
An for a given neRM takes 0(M) operations (compared to 0(M?) if A is full).
We emphasize that to achieve the operation count 0(M) we may not store A
as eg a band matrix; only the non-zero entries of A should be stored, (cf
Remark 7.3 below).

We will consider iterative methods or minimization algorithms for (7.1) of
the form: Given am initial approximation E°eRM of the exact solution &, find
successive approximations EkeRM, k=1, 2, . . ., of the form

(7.4) Ektl=gkpaqudk, k=0, 1, ...,
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where d*eRM is a search direction and ox>0 is a step length (note that the
summation convention is not used in this chapter). Different methods differ
in the choice of the search direction d¥ and step length a,. We will consider
(a) the gradient method, and (b) the conjugate gradient method together with
so-called preconditioned variants of these methods.

We use the following notation. Given a smooth function g: RM— R, denote
by g’ or Vg the gradient of g=g(n), ie,

3 ) )
g'=Vg= —g, __g_, Ce N
oni 9 MM
Further, define the Hessian of g to be the MXM matrix g'=(g ), ie,
% Pg |
o} My
gll__:
d%g d%g
EVC _37] 324 ]
For the quadratic function f of (7.2), we have
f'(n)=An-b, meRM,
and
f"(n)=A, neRM,

With Ek*1 given by (7.4), we have by Taylor’s formula
2
: a
g(E ) =g(8) +aug' () - d+=F d¥ - g'(m)d,

where 1 lies on the line segment between EX and EX*1. If the elements in g
are bounded in a neighborhood of &k, we thus have

B(E-F ) =g(8)+aug' (89 - d*+0(ap), as a—0.
It follows that if
(7.5 g'(89)-di<0,

then g(Ek+1)<g(EX) if e i$ sufficiently small. With this motivation we say that
dX is a descent direction for g if (7.5) holds, because then g will decrease if
we move a 8thall distance from £ in the direction d¥. In particular, (7.5) holds
if we choose (see Fig 7.1)

(7.6) dk=—g'(g9)
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and if g'(EX)#0. In this case (7.4) corresponds to one step of the gradient
method or the steepest descent method for the minimization problem

min g(n). To choose the step-length ax we may, for example, determine oy
neRM

so that
g(EX+ 0 d¥)=min g(EX+ad¥),

a=0

in which case ay is said to be optimal. To determine ay we perform a
one-dimensional line-search to minimize g in the direction d¥ starting from

EK. If ok is optimal, then d_d g(E¥+ad*)=0 for a=0 so that (see Fig 7.2).
a

(1.7)  g/(E1)- dk=0.

Fig 7.1
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In particular, if g is the function f given by (7.2), then by (7.7)
0=f"(Ek+ ayd¥) - dk=(A(E¥K+ axd¥)—b) - dk
=(AEk—b) - dk+oydk - Adk,

so that in this case ay is given by the following simple formula:

_(Agk-b)-d*

(7.8) ox= TR

Remark 7.1 Note that g'(E¥) is orthogonal to a level curve for g through E*
(a level curve for g is a curve v: [a, b]— RM such that g(y(t))=constant for
te[a, b], see Fig 7.1). O

We will be particularly interested in the rate of convergence of the different
methods to be studied, ie, we will be interested in estimating how many steps
or iterations of the form (7.4) will be needed to reduce the initial error E—E°
by a certain factor. We will then see that the rate of convergence depends on
the condition number w(A) of A defined by:

(7.9) %(A)=kmalx ,

min

where

)\-maxzma_x )\j, ?»min=min )\.j,
J J

and A, j=1, . . ., M, are the (positive) eigenvalues of A. We assume that the
eigenvalues are ordered so that My<A,< . . . Ay, in which case of course
)\.mln'——_)\.l and }\.max=)\.M.

Example 7.1 Consider the special case of (7.1) with A the 2x2 diagonal matrix

M0
A= ,
0

where 0<A1<A; and b=0, ie, we consider the problem
.1
(7.10) Min= (Mni+Am3),
neR? 2
with solution £=0. The level curves of f are in this case ellipses with half-axis

proportional to V1/A; and V1/A;. The sequence E°, El, . . ., obtained by
applying the gradient method with optimal step length to (7.10) is plotted in

126



o

N =

R =~V AN

i
|
:

Fig 7.2

Fig 7.2. We see that as the condition number becomes larger and the level
curves more elongated, the sequence &%, E!, . . ., has a more pronounced
zig-zag and convergence becomes slower. [

The above example shows that it is important to understand the behaviour
of the condition number x(A). We will see that in a typical case when A results
from application of the finite element method to a second order elliptic
problem (such as e g the Poisson equation (1.16)), then

(7.11) %#(A)=0(h"2),

where as usual h is the mesh parameter. For a problem of order four such as
e g the biharmonic problem (2.22), one has x(A)=0(h~%). To be more precise,
these estimates hold if the finite element mesh is quasi-uniform, ie, all
elements have roughly the same size (cf (7.44a) below), and if the usual
minimum angle assumption (4.1) is valid.

We finally conclude our preparations by recalling that

(7.12)  hin= min 27

neRM 1|2
n#0
A
(7.12b)  hmax= max L0
neRM |
n#0

where |- | denotes the usual Euclidean norm

M 2
nl=(Z )"
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Further, defining the matrix norm

B|= max Bl

neRM |1
n+0

b

for the M XM matrix B, we have by definition
(7.13) |Bn|<[B| |n| VneRM.

If B is symmetric with eigenvalues 1, . ., um, then we have (cf any basic course
in linear algebra):

(.19)  [Bl=max |y

7.2 The gradient method

We will now study the rate of convergence of the gradient method for (7.1)
with constant step length, ie, the method

(7.15) Ek+1=Ek4 gk, k=0,1, ...,
dk=—f'(Ek) =~ (AEX~b).

Here o is a suitably chosen (sufficiently small) positive constant. The
appropriate size of a will become clear through the following analysis. Since
the exact solution satisfies AE=b, we have

(7.16) E=E-a(AE~-Db),

which after subtraction with (7.15) gives the following relation for the error

ek=E—Ek:

(7.17) ektl=(I—aA)ek, k=0,1, ...
Thus, by (7.13) we have
(7.18) lek+H|<|I—aA] |ek.

We would now like to be able to guarantee that
(7.19) I-aA|=y<1.

In this case the error would get reduced by the factor y at each step and the
smaller vy is, the more rapid is the convergence. Now, by (7.14) we have

[I-aA|=max |1—-akj],
j

128



so that (7.19) holds if and only if

1-ah>-1, j=1, . .., M,

since the A;j are positive. We thus conclude that a has to be chosen so that
OAmax<2. Choosing now a=1/Anax, Which is close to the best choice, we have

1-0A|=1- Amin _y 1
Mmax %(A)

From (7.18) we thus have

et <yleX

with y=1—L, and by induction
%(A)
lek|<vkle?],  k=1,..., .

Let us now estimate the number of steps n required to reduce the initial error
€% by a certain given factor €>0. That is, we seek the smallest n such that

1 n
7.20 1——) <
(7.20) ( %(A)) €,
or equivalenty
1 1
—nl 1-——)=log ~-.
n log ( %(A)) 0g

Using the easily proved fact that —log (1—x)>x for x<1, we see that (7.20)
is satisfied if

(7.21) n=%(A)log 1
€

We conclude that the required number of iterations in the gradient method
(7.15), with a suitably chosen constant step a, is proportional to the condition
number %(A) and the number of decimals in the error reduction factor €. In
a typical FEM application involving a second order elliptic equation we have
that x(A)=0(h~2) and in this case we would have n=0(h~2), ie, a very large
number of iterations would have to be performed.

By using an eigenvector expansion, it is possible to see more clearly why
the gradient method is not efficient if ®(A) is large. To this end, let ¢, . .
., YM€RM be the orthonormal basis of eigenvectors corresponding to the
eigenvalues Ay, . . ., AMof A, ie,

Awi=)‘jwja =1, ..., M.
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Expanding the error ek in the basis 1, . . ., YMm, we have

k_ K
ek= Eejxp], ey=e"-yj,
=1

and the relation (7.17) takes the form

(7.22) e}<+1=(1——ki—)e‘j‘ i=1, ..., M,

)\max

with a=1/Amax. The relation (7.22) gives the error reduction for each
component eI; of the error eX. As the A; are ordered in increasing order with
Amax=AM, we see from (7.22) that for j such that A=Apay/2 (ie for “big” j),
the corresponding component elj( gets reduced by at least a factor /> at each
step and a considerable reduction takes place. On the other hand, for “small*
j» Aj/Amax is much smaller than 1, the error reduction factor (1—Aj/Amax) is close
to one and the reduction is small. Thus error components ek for large j are
reduced quickly, while components eJ for j small are only slowly reduced.
Another way of saying this is that highly oscillatory components of the error
are quickly reduced while more slowly varying components only get slowly
reduced. This is because the eigenvectors y; for large j are rapidly oscillating
and for small j the v; vary “more smoothly”, cf Problem 8.1.

To sum up, we may say that the gradient method efficiently reduces highly
oscillatory components of the error while the smooth components only
become small very slowly, and thus as a whole the gradient method is
inefficient (cf Section 7.5 below on multi-grid methods where the gradient
method is put to very efficient use.)

Remark 7.2 The gradient method for (7.1) with the optimal step length of
(7.8) is given by:
(7.23a)  E*l=Ek—ox(AE*-D),

k. rk

7.23b oy = .
( ) A

The convergence properties of this method are similar to those of the gradient
method with constant steps just studied and in particular the required number
of iterations is proportional to x(A), cf Problem 7.2. O
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7.3 The conjugate gradient method

We will now describe a more efficient iterative method for (7.1) of the form
(7.4), namely the conjugate gradient method. In this method the step length
a is chosen to be optimal and the search directions d¥ are conjugate, ie,

(7.24) d-Adi=0, i#j.

Since A is positive definite, we may define a scalar product <. , .> on RM
by

<C, m>=C-An, C,meRM,

and (7.24) can then be written
<di, di>=0, i#j.

The norm || - ||a corresponding to <. , .> is the energy norm:
lla=<n, n>12,  neRM,

The conjugate gradient method can now be stated as follows: Given EeRM

and d’=—19, find €K and d%, k=1, 2, . . ., such that
(7.25a) gk+l=gky g dk,
rk.dk

7.25b = ———,
( ) 5 <dk, dk>
(7.25¢) dk+l=—rk+14 g, gk,

<rk+1 dk>
7.25d =1 -
( ) Bx & >
where

rk=f(E)= AEK—b.

If we compare with (7.8) we see that (7.25b) means that oy is optimal. We
note that the new search direction d**! is a linear combination of the new
gradient r**1 and the old search direction d¥. Further, in view of (7.25c), the
condition <dk*!, dk>=0 is equivalent to

<—rkt+ly Bkdk, dk> =0,

which is the same as (7.25d). We thus see directly that the new search direction
dk+1is conjugate with respect to the old direction dX. We now take anessential
step in the analysis of the method and prove that d**! is also conjugate with
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respect to all other previous search directions dJ, j=0, . . ., k (cf. [Lu]). We
will need the following lemma, where we use the notation

m .
M ..., n™]={neRM:n= = ajn), ajeR}
=0
=linear space spanned by nJeRM, j=0, . . ., m.

Lemma 7.1 For m=0, 1, . . ., we have [d?, . . ., d™]=[10, . . ., ™)
=[10, A0, . . ., Am0],

Proof We use an induction argument. The stated equality clearly holds for
m=0. Suppose now that the equality holds for m=k. We first observe that
after multiplication by A, (7.25a) gives

(7.26)  rkHl=rky g Adk.

By the induction assumption, we have d¥e[1?, Ar?, . . ., A¥t0] so that Adke
[0, ArO, . . ., AK+110] which shows that
(7.27) [0, . .., ikt c[r9) A0, . . ., AKFLL0],

On the other hand, according to the induction hypothesis, we have Akr%¢[d?,
.. ., d¥] so that Ak+110¢[AdO, . . ., AdX] which together with (7.26) shows

that Ak+1r0¢[r0, . . .| rk*1]. Thus we have [10, Ar, . . ., A+ 0]c[10, . . |
rk+1] which by (7.27) shows that [0, Ar0, . . ., Ak+1t0]=[{0 . k+1] Finally,
from (7.25c) we clearly have that [r9, . . ., t**1]=[d?, . . ., d**!] and the

induction step is thereby complete. [

We can now prove

Lemma 7.2 The search directions d' are pairwise conjugate, i€,
(7.28) <di, di>=0, 1#].

Further, the gradients ri are orthogonal, ie,

(7.29)  i-ri=0, .
Proof Suppose the statement is true for i, j<k. Since [d°, . . ., d]=[1?, . . .,
/], by Lemma 7.1 we have in particular r¥ - di=0 for j=0, . . ., k—1, so using
(7.26)

rkt1. dk=rk. di4+ gy <dk, di>=0, i=0, ..., k-1

But ay is optimal and we also have
T gkt (B4 ayedk) - dk= ac—l—f(’gk+adk)a=uk=0,
a
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sorktl.di=0,j=0,..., k. Together with Lemma 7.1 this shows thatr*! - ri=0
for j=0, . . ., k, which proves (7.29) for i, j<k+1. Finally, to show (7.28) for
i, j<k+1 we note that since Adie[r?, . . ., ri*1] by (7.26), we have by (7.29)
that <rk*1 di>=0, j=0, . . ., k—1. Together with (7.25¢) and the induction
hypothesis this proves that

<dk+l di>=<—rk+l di>+B<dk, di>=0, j=0, . . ., k—1.

But we already know that <d¥*1, dk>=0 and thus we have proved (7.28) for
i, j<k+1. The induction step is now complete and the lemma follows since
the statement is clearly true for i, j<1. O

We can now prove that the conjugate gradient method gives the exact
solution after at most M steps:

Theorem 7.1 For some m<M, we have AEm=b,

Proof By (7.29) the gradients 1J, j=0, 1, . . ., are pairwise orthogonal and
since there are in RM at most M pairwise orthogonal non-zero vectors, it
follows that rm=AE™—b=0 for some m<M. O

By Theorem 7.1 the conjugate gradient method gives, in the absence of
round-off errors, the exact solution after at most M steps. In our applications,
however, we will view the conjugate gradient method as an iterative method
and the required number of iterations will be much smaller than M. To study
the convergence properties of the method, we first note that by (7.25a) we
have for k=0, 1, . . .,

k-1
(7.30) Ek—E0= 3 o;dl.
i=0
By the orthogonality (7.28) it follows that
<Ek, dk>=<E0 dk>, k=0,1, ...
Using also the fact that AE=b, we see that for k=0, 1, . . .,
—rk. dk=—(AEK-AE) - dk=<E-Ek, dk>=<E-E0, d*>,

which shows that (7.25b) can be written

<E—E0 dk>
ax= - k=0,1, ...,
KT odk, dk>
Thus, by (7.30) we have in particular
<gk—E di>=<g-E0, di>  j=0,1,... k-1
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But this is the same as saying that Ek—E0 is the projection of the initial error
E—E0 with respect to <. , .> on the space

Wi=[dO, . . ., d-}]
spanned by the first k search directions, and thus
(7.31)  [|E-EX|[a= [[E-E'-(E*-EV)[|asl[E—E"—mlla,  VYMeWi.
Recalling Lemma 7.1 and the fact that r’=AE0—AE=—A(E—E?), we see that
Wi=[r%, Ar0, . . ., AK-10]=[A(E-EY), . . ., AKE-ED)].

Using (7.31) we thus have the following result:

Theorem 7.2 For the conjugate gradient method (7.25),
18—E/|a<Ip(A)E-E)llas max pk()! [[E—Eolla,  VpePk,

where Py is the set of polynomials py(z)= E BJZJ BjeR, of degree at most k
with Bo=1.

To estimate the reduction of the initial error ||[E—EY||5 after k steps, it is
by Theorem 7.2 sufficient to construct a polynomial px of degree at most k
such that px(0)=1 and py is as small as possible on the interval [Ay, Am]
containing the eigenvalues of A, ie, so that the quantity

Y= max |pk(z)]
Ze|M, A

is as small as possible. The best polynomial is a Chebyshev polynomial well
known in approximation theory, and the corresponding value of vy is (see e g

[Ax]):
[ VE@®-1]
0 VR@AY+1

Thus, for a given €>0, to satisfy

[E-EX|a <€l[E—E"la,

it is sufficient to choose n such that y,<g, or by a simple computation, such
that

, k=0,1,2,.

(7.32) n?%\/%(A) log 2.
€

We thus conclude that the required number of iterations for the conjugate
gradient method is proportional to Vx(A) which should be compared with
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%(A) in the case of the gradient method. Thus, for x(A) large, the conjugate
gradient method is much more efficient than the gradient method. In a typical
finite element application we have x(A)=0(h~2), and thus in this case the
required number of iterations would be of the order 0(h~!) for the conjugate
gradient method and 0(h~2) for the gradient method.

Remark The subspace Wi =[r?, Ar0, . . ., Ax"10)=[dO, . . ., d*1] is called
the Krylov subspace related to the conjugate gradient method (7.25). By
(7.31) we have that ||E—EX|| 5 is the norm of the difference between the initial
error E—&% and its projection on Wy. [

Example 7.2 Let us recall the simple minimization problem of Example 7.1,

(7.33)  Min S(\m3+amd),

neR? 2
with 0<A;<<h,. Applying the gradient method with optimal or constant step
length, we have that the required number of iterations is proportional to
A2/M1. Introducing the new variable {=(Cy, &)=(VAin2, VAne), the prob-
lem takes the form

(.34 Min @+,

The condition number of the corresponding matrix is equal to 1, and the
gradient method with optimal step length for (7.34) finds the exact solution
€=0 in just one iteration. This shows that a suitable change of variables may
reduce the number of iterations significantly. We see that the very elongated
elliptical level curves of (7.33) are replaced by the circular level curves of
(7.34). The possibility of reducing the condition number for more general
problems by a suitable change of variables corresponding to so-called
preconditioning, will be discussed in Section 7.4 below. [

Problems
7.1  Show that By of (7.25d) can alternatively be computed as follows:
rk+1, ket
k:._————__
B k. ok
7.2 Prove for the gradient method with optimal step length (7.8) that
k+1]|2<(1— 1L K|[2
JerA=0- 2 18913
by proving
[EMIA=ERIR oot ke

||EX|| 4 k- Ark otk ATk 135



7.4 Preconditioning

We recall our quadratic minimization problem (7.1)

(7.35)  Min ()= Min [ %n . An—b 7).

neRM neRM
Let now E be a non-singular M XM matrix and introduce the new variable
C=En so that n=E~1¢, and define

: _ | _ _

f(C)=f(n)=H(E 1C)=§ (E710)- A(E~'5)-b-ElC=

= JC-ETTAETIC-E-Th- {=2C-AL-b- L,
where

A=E-TAE-!, b=E~Tb,
and E-T=(E-1)T, where DT denotes the transpose of the matrix D. Thus we
can write the problem (7.35) using the new variable C as
(1.36)  Min[LtAt—b-q].

LeRM 2
The gradient method with constant steps a for this problem reads:
(7.37) tk+l=tk—q(ALk—b).

The rate of convergence of this method depends on the condition number
%(A). If x(A)<<x(A), then the gradient method for (7.36) will converge
much faster than the same method applied to the original problem (7.35).

Before discussing how to choose the matrix E note that setting L=Em and
multiplying by E~! in (7.37), we get

nk+1 =nk_ aE_lE_T(Ank—b).

Thus, setting C=ETE so that C"!=E~'E~-T, we see that (7.37) corresponds
to the following method for (7.35):

(7.38) nkHl=pnk—aC-1(Ank-b), k=0, 1, . ., .

We say that this is a preconditioned version of the usual gradient method for
(7.35) with the matrix C being the preconditioner. To compute n**! from
(7.38) for a given n¥, we have to solve the system
Cd=(An*-b),

(note that we would not explicitly form C~1).

We can now state the obviously desired properties of the matrix C=ETE
(recall that A=E-TAE-1):
(7.39a) x(E"TAE l)<<x(A),
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(7.39b) the system Cd=e can be solved with few (0(M)) operations for
a given right hand side e.

Suppose that C=ETE is the Cholesky factorization of C, and hence E is upper
triangular. Then (7.39b) will be satisfied if E is essentially as sparse as A, ie,
if the number of non-zero entries in each row of E is bounded independently
of h. On the other hand, to satisfy (7.39a) the best choice would be C=A=ETE
with ETE the Cholesky factorization of A, in which case ®»(E-TAE-1)=1.
However, with this choice the matrix E is not as sparse as desired (cf the
discussion of fill-in Section 6.4), and (7.39b) will be violated. With this
background we are led to try to construct C=ETE such that E is sparse and
ETE is an approximate Cholesky factorization of A. We may require E to have
a sparsity structure that is similar to that of A; for example we might allow
an element ej; of E to be non-zero only if the corresponding element aj; of
A is non-zero. To obtain an approximate factorization ETE of A with this
structure, we may perform a modified Gaussian elimination where non-zero
elements appearing in the elimination process at “forbidden’ locations are
simply replaced by zeros. Such modified elimination processes (so-called
incomplete factorizations) only take O(M) operations and result in approxi-
mate factorizations with corresponding considerable reduction of the condi-
tion number, (eg, x(E"TAE-1)=0(h1), see [Ax], [Me]).

7.5 Multigrid methods

Recently a class of methods for our typical system of equations (7.3) have been
developed that are optimal in the sense that the required number of operations
is of the order 0(M), where M is the number of unknowns (clearly O(M) is
optimal since this amount of work is required just to write down the solution).
These methods are the so-called multi-grid methods (see eg [BD], [Bra],
[Hac]). A multi-grid method is an iterative method where one uses acollection
of successively coarser finite element grids.

To give an idea of the basic features of the multi-grid method we consider
the standard finite element method of Section 1.4 on a triangulation T},
obtained by subdividing each triangle of a coarser triangulation Ty, into four
triangles as in Fig 1.14. Let the correspongding finite element spaces be Vj,
and Vy;. Then the corresponding matrices Ay, and Ay, have dimension M xXM
and (M/4)x(M/4), respectively. Assume that we want to solve the system
AyE=Db, and to start with assume that the system Ayn=d for a given d can
be solved in 0(M/4) operations. A step of the multigrid method leading from
a given approximation EXeRM to an improved approximation Ek*1eRM now
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consists of two substeps: a smoothing step and a coarse grid correction. The
smoothing step consists of m usual gradient steps:

(7.40) nitl=ni—a(Aym'-b), i=0,1,..., m-1,

with o suitably chosen (cf Section 7.2), and n°=Ek. This step gives the
1

k+x
approximation § 2=n™. The coarse grid correction is obtained as follows:

Let deVy;, be the solution of the problem
k+1
(7.41) a(d, v)=(f, v)—a(u 2,v) VveVy,
k+1 k+

where u 2eVy, is the finite element function with nodal values &
1 M
k- 2
Let 8 2eR* be the vector of nodal values of  and define
1 1

§k+1=§k+§ +6k+§

1
2

M

k+4
2€R 4

1
k+1
where the components of & 2eRM are given by the components of &
1

for the nodes of Ty, and the value of 8 2 at other nodes are obained by
linear interpolation from the values at the nodes of Ty,. We note that the
correction step (7.41) corresponds to a problem of the form A;yn=d which
can be solved in 0(M/4) operations by assumption.

To sum up, a multigrid step leading from EK to EX+1 consists of a simple
smoothing step together with a coarse grid correction requiring few oper-
ations. Under suitable assumptions one can prove that there is a constant C
independent of § and k such that

g-gkt < Sle—gx,
m

which proves that for m sufficiently large each multigrid step reduces the error
significantly.

The algorithm is now applied recursively so that to solve a problem of the
form Apm=d in the step described above, we invoke a coarser grid with
corresponding matrix Ag4n, assuming that Tp, is obtained as above by
refinement of the corser grid T4,. This gives a procedure where we work on
a sequence Ty, Ton, Tan, Tan, - - ., of successively coarser grids ending with
a coarsest grid for which the corresponding linear system can be solved by
direct Gauss elimination with few operations. One can show that this
combined process will give a solution of the original matrix problem A E=b
in O(M) operations.

The reason why the multigrid method is so efficient is, roughly speaking,

138



the following: In the smoothing step the high frequency components of the
error (corresponding to large eigenvalues) are significantly reduced. This fact
is easy to understand from the analysis of the gradient method in Section 7.2
above. Further, in the coarse grid correction the low and medium frequency
components of the error are also significantly reduced and thus in each
multigrid step all components of the error are reduced significantly.

7.6 Work estimates for direct and iterative
methods

Here we collect the principal results presented above concerning the amount
of work required to solve our typical system of equations

(7.42)  AE=b

by direct and iterative methods, where A is a sparse, symmetric and positive
definite M XM matrix. We then suppose that (7.42) is related to a second order
elliptic problem in R4, d=2 or 3. In this case M=0(h~9) and the condition
number %(A)=0(h~2). We further assume that in the preconditioned variants
of the conjugate gradient method the condition number is reduced to O(h~1).
Also, in the Cholesky factorization we assume that A is stored as a band matrix
with band width 0(h—d+1), With these assumptions we have an asymptotic
work estimate for the solution of (7.42) of the form 0(M®), where the
exponents o are given by:

Method dim 2 dim 3
Band-Cholesky: factorization 2 2.33
back-substitution 1.5 1.67
Nested dissection: factorization 1.5 2
back-substitution 1 1.33
Conjugate gradient 1.5 1.33
Preconditioned conjugate gradient 1.25 1.17
Multigrid 1 1
Fig 7.3

Clearly, the multigrid and preconditioned conjugate gradient method have
the most favourable exponents and for M large enough will be superior to
band-Cholesky and nested dissection. This holds particularly for d=3.
However, the multigrid method requires a rather complex program with
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considerable overhead to organize the computations while band-Cholesky
requires little overhead. Thus, for a given M it is not clear which method would
require the least total cost, and of course this cost also depends on the problem
and on the implementation of the particular method.

We also note that one sometimes wants to solve the system AE=b many
times with the same A but different right hand sides b. For example we may
want to compute the stress distribution in an elastic body under various loads.
In this case we may factorize the matrix A once and for all and then only a
back-substitution will be required for each new right hand side. In such cases
band-Cholesky becomes comparatively more competitive but still is asymp-
totically inferior to the preconditioned conjugate gradient and multigrid
methods.

To sum up we may say that, roughly speaking, band-Cholesky may be used
for coarse to medium fine discretizations in two dimensions whereas iterative
methods multigrid or preconditioned conjugate gradient type would be
advantageous for large three-dimensional problems and for very fine discre-
tizations in two dimentions. Let us remark that these conclusions should be
valid at least on well-structured problems with coefficients that are not varying
too much and using e g quasi-uniform finite element meshes. For problems
with highly variable coefficients and very complicated solutions it may be
difficult to find iterative methods with good convergence properties and in
such cases Gaussian elimination may be the only realistic alternative at
present.

Remark 7.3 To store only the nonzero elements of a sparse symmetric MXM
matrix A=(ajj), one may use a vector a=(a(i)) containing the elements in the
lower triangular part of A ordered row by row, together with a vector
ac=(ac(i)), with ac(i) the number of the column in A containing the element
a(i), and the vector ad=(ad(j)), with ad(j)=i where a(i)=a;;. As an example,
if

[ a; ‘
apz  ap Sym
A=|0 ap a3 ,
agp 0 a43 a4
| a1 0 as3 0 ass

then we have
a=(an, a1z, ax, a3, a33, a41, 43, a44, as], as3, ass),
ac=(1,1,2,2,3,1,3,4,1, 3, 5),
ad=(1, 3, 5, 8, 11). O
Problem

7.3 Determine the asymptotic work estimates corresponding to Fig 7.3 for
a fourth order elliptic problem.



7.7 The condition number of the stiffness matrix

If A is the stiffness matrix related to an elliptic problem of order 2m, then
the condition number %(A) is under suitable conditions estimated by

(7.43) *(A)=0(h—2m),
Let us prove this result in the standard case m=1, A=(a;j), ajj=a(®i, ¢j),
a(v, w)=[Vv-: Vw dx,
Q
with @1, . . ., @M, the usual basis for Vh={veH(1,(Q): v|keP1(K), KeTy},

where QcR2. This is the case studied in Section 1.4.

We shall assume that the family {Ty} of triangulations Ty,={K} satisfies the
following conditions: There are positive constant ; and f, independent

of h=max hg such that for all KeTy,, T,e{Ty},
KeT,

(7.442)  hg=pih,
(7.44b) >3,
hk

where hkg and gk are defined as in Section 4.2. The condition (7.44a) states
that all elements K of Ty, are of roughly the same size. Such triangulations
are said to be quasi-uniform.

We recall that the bilinear form a(. , .) is H)(Q) — elliptic, ie, there is a
positive constant o such that

(7.45) a(v, v)=allv||f(q) VYveH(Q).

The estimate (7.43) with m=1 will easily follow from the following result:

Lemma 7.3 There are constants ¢ and C only depending on the constants f3;

M
in (7.44), such that for all v= X n;p;je Vy,
i=1

(7.46) Ch?|n|? <||v||?< Ch?n}?,
(7.47) a(v, v)= [|Vv|2dx < Ch2||v||?,
Q

where ||v||=]|v||L, @)

Remark The estimate (7.47) is a so-called inverse estimate; here we estimate
the Lo-norm of the gradient of v in terms of the L;-norm of v itself. This is
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not possible for a general function v, but it is possible for the functions v in
Vj, at the price of the factor h=1. O

We postpone the proof of Lemma 7.3 and show how to prove (7.43) using

M
the lemma. Werecall thatif v= X n;q;, then
i=1

1=

a(v, v)=n-An,
so that by (7.46) and (7.47)
: 2
(7.48) 1 AZ" = a(v’zv) <Ch~2 ”V—”zs@ VneRM,
i m Ul
On the other hand, we have by (7.45) and (7.46) since trivially ||v||(0)=||v|.
: 2
(7.49) 1 [2” = a(v’zv) >q “V”z >Cah? VneRM.
gl Ul |

Together, (7.48) and (7.49) prove that there are constants ¢ and C such that

}\maxsc ’ )\minBCh2,

which gives the desired result u(A)=}\szCh‘2.
min

Remark 7.4 Note that it is natural to scale the matrix A, by multiplying with
a constant of order 0(h™2), so that Apax=0(h~2) and Apin=0(1) (cf (1.25)).
~ With this scaling A will be a discrete counterpart of the Laplace operator with
eigenvalues ranging from 0(1) to 0(h~2) (recall that the eigenvalues of the
Laplace operator on a bounded domain lie in the unbounded interval (A, «)
for some positive A. O

Let us give

Proof of Lemma 7.3 It is sufficient to show that for each triangle KeT}, with
vertices a! and veP((K), we have

3 . 3 .
(7.50)  Chg = V@) <[Vllfk) <Chg = M@)P,
1: =
(7.51) lf(’VV’2dX$ Chgi{lv]de,

with ¢ and C independent of K and v. From these estimates the desired
estimates (7.46) and (7.47) directly follow by summation over KeTh.
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We first show that (7.50) and (7.51) hold when K=K where K is the reference
triangle with vertices at (0, 0), (1, 0) and (0, 1) in a (X;, X;) — plane (see Fig
7.3). Let A; be the usual basis functions of P;(K) and define

£(7)=J] Vs,
K

fo(i})=[¥2dx,
R
where =%, 2, A1) and
3 ~ A
V()A()= > ﬁi)\i(x), xekK.
i=1
We observe that f; and f; are continuous functions of e R3. We now consider
the quotient
B=1 D feR?, fi20,
f2(1)
We want to prove that there is a constant C such that

(7.52)  f()<C, feR3, =0

this inequality clearly corresponds to (7.51) in the case K=K since hg=V"2.
To prove (7.52) we first note that

f3(yn)=f3(1}), VveR, y#0,

ie, the function f3 is homogeneous of degree zero. It is thus sufficient to prove
that for some constant C

(7.53) f3()<C  1eB,

where B={1}€R3: |fj|=1}. But f3 is continuous on B (note in particular that
f(1)#0 for f1eB) and B is a closed and bounded set in R3, and thus f3 has
a maximum on B. This proves (7.53) and thus (7.52) and (7.51) follow in the
case K=K. In the same way we can prove (7.50) in this case.

It now remains to prove (7.50) and (7.51) for an arbitrary triangle KeTj,.
For simplicity assume that K is a triangle with vertices at (0, 0), (h, 0) and
(0, h) so that hg="V2h and let the mapping F: K— K be defined by (see
Fig 7.3)

x=F(X)=(h%, hky), %eK.
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(1,0) (h,0)
Fig 7.3
Given veP;(K) we now define
(7.54) I(®)=v(x)=v(F(®)), %eK.
Clearly we then have ¢eP;(K). By the chain rule
ov _ ov  OXxy N ov 8X2: avh i=1, 2,

af(i aX] af(i aX2 a)A(i aXi

and so V¥=hVv. Since dx=h2dzx, this gives
{1 Vv|2dx=[h=2|V¥|2dx= [| V{[2dk
K K

A

K
<C[¥2dx=C[v?h~2dx=Ch~2[vadx,
& K K
where we used that (7.51) holds if K=K. This proves (7.51) if K has vertices
at (0, 0), (h, 0), (0, h), and in a similar way (7.50) can be shown in this case.
Finally, if K is an arbitrary triangle, then we introduce the linear mapping
F: K— K that maps K onto K:

x=F(%)=al+(a?—a)&;+(a’—a')&?,

where al are the vertices of K. Arguing now as in the above special case and
using the facts that |ai—a!|<Chg, i=2, 3, and dx=Ch%dx by (7.44), we now
obtain (7.50) and (7.51) in the general case (cf Problem 7.4) and the proof
is complete.

Remark The technique of working with a reference element K and linear
mappings F: K— K that map K onto the triangles KTy, is very important
also from a practical point of view. In this way it is often possible to use asimple
transformation to obtain the stiffness matrix of a general element K from the
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stiffness matrix of the reference element K. This is important since the direct
computation of a stiffness matrix may require a not-negligible amount of work
and the element stiffness matrices of all elements KeT}, have to be
determined. [

Problems

7.4  Complete the proof of Lemma 7.3.

7.5 The condition (7.44a) stating that all elements have the same size can
be relaxed. Prove without using (7.44a) that the estimate ®(A)=0(h~2)
may be replaced by

%(A)=0(h_2) where hyi=min hg.
KeT,
7.6  Letu,eVhycLy(Q2) be the Ly(Q)-projection of uely(€2) defined by (cf

Problem 4.8),
(up, v)=(u, v) VveVy,.

In matrix form with the basis {@1, . . ., pnp} for Vy, this problem takes
the form BE=b, where B=(byj), bjj=(¢i, ;), b=(b;), bj=(u, ¢;). Prove
that B is positive definite. When V}, is piecewise polynomial on a
quasi-uniform triangulation in R?, show that x(B)=0(1). The matrix
B is called the mass matrix and will occur in Chapters 8 and 9.
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8. FEM for parabolic problems

8.1 Introduction

In this chapter we give an introduction to finite element methods for linear
parabolic problems. A typical such problem, modelling heat conduction in an
isotropic body with heat capacity A and conductivity p and occupying a region
QcR9Y, reads as follows:

yu—div(pVu)=f in QXI,
(8.1) u=0 on I'yxI,
iy on TyxI,
on
u(x, 0)=u’(x) xeQ.

Here u(x, t) is the temperature at xe Q at time teI=(0, T), where T is a given
time, u® is a given initial temperature, f is a given heat production, I'; and
I'; is a subdivision of the boundary I' of Q and u=0u/ot. For simplicity we
shall consider the following special case of (8.1) with A=p=1, QcR? and
F1=F:

(8.2a) u—Au=f in QXI,
(8.2b) u=0 on I'XI,
(8.2¢) u( -, 0)=u’.

Essential parts of the presentation based on (8.2) that follows, may directly
be extended to the more general problem (8.1), (cf Example 2.7)

We will first consider a so-called semi-discrete analogue of (8.2) where we
have discretized in space using the finite element method. To obtain a fully
discrete problem we will then discretize time also. We shall see that the
semi-discrete problem is an initial value problem for a system of ordinary
differential equations. This will be a stiff system which will pose extra
requirements on the stability of the methods to be used for the time-discre-
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tization (the notion of an initial value problem for a stiff system of ordinary
differential equations will be explained in Section 8.3 below). For the
time-discretization we shall first consider two classical methods for stiff
problems: the backward Euler method and the Crank-Nicolson method. We
shall then consider a recent method, the so-called discontinuous Galerkin
method, based on using a finite element formulation in time with piecewise
polynomials of degree q. In simple cases (eg A=pu=1 and f=0 in (8.1)) the
discontinuous Galerkin method gives time-discretization methods which
coincide with classical methods based on the so-called sub-diagonal Padé
approximations. In particular, with q=0 one obtains the backward Euler
method. The advantage of the discontinuous Galerkin method is that eg
variable coefficients and non-zero right hand sides (and even non-linearities)
present no complications in principle. Further, the fact that the method has
a variational formulation is very useful in the analysis of the time-discretization
error. In fact, one can derive precise error estimates for the discontinuous
Galerkin method which make it possible to construct (for the first time)
rational efficient methods for automatic time-step control which are of
particular importance for stiff problems. We comment briefly on this topic
in Section 8.4. The new possibilities offered by the discontinuous Galerkin
method have been discovered only recently and are still under exploration,
see [EJT], [J3], [EJ1], [JNT], [EJL]. For more information on finite element
methods for parabolic problems, see also [Th], [LR] and the references
therein.

8.2 A one-dimensional model problem

Before going into the discussion of the numerical methods for (8.2) we shall
briefly indicate some of the main properties of the exact solution u of (8.2).
For simplicity we will then consider the following one-dimensional model
problem modelling heat conduction in a bar (cf (1.3)):

2
8.3a)  u_9M_; O<x<n, t>0,
ot ox?
(8.3b) u(0,t)=u(m,t)=0 t>0,
(8.3¢c) u(x,0)=u’(x) 0<x<.

In the case =0, we have by separation of variables that the solution of (8.3)
is given by

(8.4) u(x,t)= Elu(]-)e_jzt sin(jx),

|
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where

Tt
=V2/n [ u%x)sin (jx)dx, i=1,2,...,
0

are the Fourier coefficients of the initial data u® with respect to the ortho-
normal system {V2/msin(jx)}=; in L2(0,7). By (8.4) we see that u(x,t) is a
linear combination of sine waves sin (jx) with frequencies j and amplitudes
u? exp(—j%t). We may say that each component sin (jx) lives on a time scale
of order 0(j2) since exp(—j%t) is very small for j?t moderately large. In
particular we have that high frequency components quickly get damped. Thus,
the solution u(x,t) will become smoother as t increases. This of course fits with
the intuitive idea of the nature of a diffusion process such as heat conduction.
However, in general u(x,t) will not be smooth for t small, and we may have
that [|u(t)||=||a(- ,t)||— = as t— 0, where || - || denotes the L,(0, m)-norm.
More precisely, the size of the derivates of u (with respect to t or x) for t small
will depend on how quickly the Fourier coefficients u decay with increasing
j: For example, if u’(x) =n—x for 0<x<m, then u?— C/j, in which case
lla(t)[]~Ct~® with a=3/4 as t—0, and if u%(x) is the ‘hat function”
u’(x) = min(x,m—x) for 0<x<m, then u = C/j? in which case ||u(t)||~Ct=@

with a=1/4 as t— 0 (cf Problem 8.1). If u decays faster than j=2-5 as j— o,
then ||u(t)|| will be bounded as t— 0, but higher derivatives may still be
unbounded. In principle, the “smoother” the initial function u® is, the more
rapidly u? decays as j— . Note that here a “‘smooth” initial function has to
satisfy in particular the boundary conditions (8.3b).

An initial phase for t small where certain derivatives of u are large, is called
an initial transient. Thus the exact solution of a parabolic problem in general
will have an initial transient where certain derivatives are large, but the
solution will become smoother as t increases. This fact is of importance when
solving a parabolic problem numerically, since it is advantageous to vary the
mesh size (in time and space) according to the smoothness of the exact solution
u and thus use a fine mesh where u is non-smooth and increase the mesh size
as u becomes smoother. Note that transients may also occur for t>0 if for
example the right hand side f (or the boundary conditions) in (8.1)—(8.3) vary
abruptly in time.

The basic stability estimates in our context for the problems (8.2) and (8.3)
are in the case f=0:

(8.5) lu®lf <], tel,

. C
@6 ol <=Spol. el
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For the problem (8.3) these estimates follow directly from (8.4) using
Parseval’s formula together with the facts that 0<e™<1 and O<se™5<C for
s=0. It is also possible to prove (8.5) and (8.6) using “‘energy methods”
without relying on an explicit solution based on separation of variables (cf
Problem 8.6 below). Note that (8.6) states that if ulel,(Q2), then
[la(t)}|=0(t~1) as t—0.

Let us now turn to the discussion of numerical methods for (8.2).

8.3 Semi-discretization in space

The semi-discrete analogue of (8.2) will be based on a variational formulation
of (8.2) which we now describe. Letting V=H}(Q), multiplying (8.2a) for a
" giventbyveV, integrating over Q and using in the usual way Green’sformula,
we get with the notation of Section 1.4:

(u(t),v)+a(u(t),v)=(f(t),v).

Thus, we are led to the following variational formulation of (8.2): Find
u(t)eV, tel, such that

(8.7a) (a(t),v)+a(u(t),v)=(f(t),v) VveV, tel,
(8.7b) u(0)=ul.

Now, let V}, be a finite-dimensional subspace of V with basis {@1, . . ., oM} .
For definiteness we shall assume that Q is a polygonal convex domain and
that V}, consists of piecewise linear functions on a quasi-uniform triangulation
of ©Q with mesh size h and satisfying the minimum angle condition (4.1).
Replacing V by the finite-dimensional subspace V; we get the following
semi-discrete analogue of (8.7): Find un(t)€Vy, tel, such that

(8.8a) (an(t),v)+a(up(t),v)=(f(t),v) VveVy, tel,
(8.8b) (un(0),v)=(u’v) VveVy,.
Let us rewrite (8.8) using the representation

(8.9) up(t,x)= .1%4] Ei(H)pi(x), tel,

with the time-dependent coefficients E;(t)eR. Using (8.9) and taking v=g;,
=1 .. .. M, in (8.8). we get
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M . M
Eli‘éi(t)(q?i,(Pj)+i§IEi(t)a(QJi,cpj)=(f(t),cpj), i=1,..., M, tel,

M
= 5(0) (v 9)=(u" ) =1, ..., M,

or in matrix form

(8.10a)  BE(t)+AE()=F(1t), tel,

(8.10b)  BE(0)=U",

where B=(byj), A=(a;)), F=(F), £=(&), U'=(UY),
bij=((Pi,(Pj):££(Pi(deX,

aij=3(CPi,CPj)=£f2VCPi° Vg; dx,

Fi(t)=(£(t),:), U=(u’,9).

Recall that both the mass matrix B and the stiffness matrix A are symmetric
and positive definite. Further »(B)=0(1) and »x(A)=0(h=2) as h— 0 (see
Problem 7.6). Introducing the Cholesky decomposition B=ETE and the new
variable n=EE, the problem (8.10) takes the slightly simpler form

() +An(t)=g(t), tel,
8.11
GBI o=,
where A=E-TAE~! is a positive definite symmetric matrix with
#(A)=0(h"2), g=E~TF, n"%=E~-TU" and E-T=(E~1)T=(ET)~!. The solution
of (8.11) is given by the following formula (see any book on ordinary
differential equations):

_ t
(8.12) n(t)=e - Atn0+ [e~Al=S)g(s)ds, tel.
0

The problem (8.11) (and (8.10)) is an example of a stiff initial value problem,
the stiffness being related to the fact that the eigenvalues of A are positive
and vary considerably in size corresponding to x(A) being large.

Let us now return to our semi-discrete problem in the formulation (8.8).
A basic stability inequality for this problem, with for simplicity =0, is
obtained as follows: Taking v=up(t) in (8.8a), we get

(l.lh(t), uh(t))+a(uh(t)7 Uh(t))=0, tGI,

or with as above || - ||=]| - ||L,(),
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L a0+ a(un(®), un()=0,

so that recalling also (8.8b),
t
[lun(B)[[*+2] a(un(s), un(s))ds={ua(O)][*< [l

and thus in particular,
8.13)  [lun(®/</lun(O)l}<[[u%], teL

This estimate is clearly analogous to the estimate (8.5) for the continuous
problem. Note that (8.5) may also be proved in the same way as (8.13).

For the semi-discrete problem (8.8) one can prove the following almost
optimal error estimate. Recall that we are assuming, for simplicity, that Q
is a convex polygonal domain and that Vy, consists of piecewise linear functions
on a quasi-uniform triangulation of Q with mesh size h.

Theorem 8.1 There is a constant C such that if u is the solution of (8.2) and
up, satisfies (8.8), then

(8.14) maIxHu(t)—uh(t)HsC
te

T
1+ | log —/| | max h?{|u(t)||g(q)-
tog | | max W)

Proof The proof is based on a duality argument involving the following
auxiliary problem: Given tel let @y: (0, t)— V), satisfy

(8.15a) —(pn(s),v)+a(pp(s),v) =0 VYveVy, se(0, t),
(8.15b) e =en(t),

where en(s)=up(s)—0y(s) and Gy(s) € V}, satisfies

(8.16) a(u(s)—1iy(s),v)=0 VYveVy, se(0, T).

Now, taking v=ep(s) in (8.15a), using (8.7), (8.8), (8.16), writing
0(s)=u(s)—1un(s), and integrating by parts in time we have

len(D)] = i [—(@n(s), en(s)) +a(@n(s), en(s))]ds+(@n(t), en(t))

[(én, ®n)+a(en, @n)lds+(pn(0), en(0))

O ey -

=£K9,%J+d9,¢0kh+ﬂﬂm,wmﬂn
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=_i(e, @n)ds+(08(t), pn(t)).

Thus, we have the following simple error representation formula

t
(8.17) len(D)]|*=- 5(9(8), Pn(s))ds+(6(t), @n(t)).
Now, (8.15) is equivalent to the ordinary differential equation (cf (8.10))
—BE(s)+AL(s) =0, se(0, t),
cty==2.

Using the explicit solution of this problem corresponding to (8.12) (or (8.20)
below) and using also Lemma 7.3, we easily find that there is a constant C
independent of ey(t) and t, such that (cf Problem 8.2)

8.18)  len@lsllenll,  0=s<t,
619 Jllan(llds < C(1+ g 15 Dlexcol]
which combined with (8.17) proves that

len(0]] < C(1-+ltog ) max 16651

Note that the estimates (8.18) and (8.19) correspond to the estimates (8.5)
and (8.6) for the continuous problem. To complete the proof we now just note

that u—up=u—a,+0,—up,=0—ey, and we then obtain the desired estimate
(8.14) using the L, — estimate for 8(s)=u(s)—tp(s) of Theorem 4.3. O

Remark Note that the constant C in (8.14) is in particular independent of
T. O

8.4 Discretization in space and time
8.4.1 Background

We shall now consider some methods for time-discretization of the semi-
discrete problem (8.8) resulting in fully discrete analogues of (8.7). Let us then
first consider the related problem (8.11). The qualitative behaviour of the
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solution n(t) of this stiff initial value problem is (of course) similar to that of
the exact solution u of (8.2) as discussed in Section 8.2. In particular we have
the following representation for the solution of (8.11) in the case g=0 (cf

(8.4)):

M

(8200 m()== (" x)ehhy,
=

where {xj}jl\i] are the orthonormal (in RM) eigenvectors of A with corre-
sponding eigenvalues w1 <. . .<py satisfying u;=0(1) and pp=0(h~2). Here
the large eigenvalues p; correspond to rapidly “oscillating” eigenvectors
while smaller eigenvalues correspond to ’smoother’’ eigenvectors (cf Problem
8.1). By (8.20) we see that n(t) has components that live on time scales in the
wide range from 0(h~2) to 0(1), that high frequency components of n(t) are
quickly damped and that n(t) in general will have an initial transient. Note
that the stiffness of (8.11) is reflected by the fact that the solution n(t) contains
components with vastly different time scales.

As indicated, stiff problems like (8.11) put special demands on the methods
to be used for time discretization. First, for stability reasons one has, in order
to avoid excessively small time steps, to use so called implicit methods, ie,
methods requiring the solution of a system equations at each time step.
Secondly, one would like to use methods which automatically adapt the size
of the time steps according to the smoothness of n(t) and thus automatically
take smaller time steps in a transient and larger steps when n(t) becomes
smoother.

We will first briefly consider two classical methods for time-discretization
of (8.8) or equivalently (8.10) and then the more recent discontinuous
Galerkin method together with methods for automatic time step control. Let
O0=tp<ti<. . .<tNy=T denote a subdivision of I and write I,=(t,—1, t,) and
let kp=t,—t,—1 be the local time step.

8.4.2 The backward Euler and Crank-Nicolson methods

In the classical backward Euler method for the semi-discrete problem (8.8)

we seek approximations upeVy of u(. , ty), n=0, . . ., N, satisfying
ul— -1
(8.21a) ( LT(L—,V +a(ul,v) = (f(tn), v) YveVy,n=1,2,.. . N,
n

(8.21b) (u,v) = (u0,v) YveVy.

Clearly, (8.21a) has been obtained from (8.8a) by replacing the derivative
up(ty) by the difference quotient (up—up~!)/k, with discretization error 0(ky).
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For a given up~! we have that (8.21a) corresponds to the following positive
definite symmetric system of equations for the unknown uj:

(8.22) (B+kyA)E"=BE 1+ Kk, F(ty),
where
M
up= 2 Eioi.
i=1
A basic stability estimate for (8.21), with f=0 for simplicity, is obtained by
taking v=uy in (8.21a) to yield
[Jupl 2= (ug,up ") +a(ug, up)ka=0.
Using here the fact that

_ 1 1y n_
(b= 2lluf] 2+ 2 ap-1)

we conclude that for n=1, . . ., N,

1 1y n-
SRl = SR =2+ aug, up)ka <0,

so that by summation
n
HuEH2+2m2=]a(ui‘.‘,uﬁ’)kmSHUQHZSHUOW,
and in particular

823)  |lufli</luglisu®f forn=1,.. ., N,

which is clearly analogous to (8.13).
The other classical time-discretization method for (8.8) is the Crank-Nicol-

son method: Find ufeVy, n=0, . . ., N such that
n__ .n-—j} n n-—i
(8242) (DU v 4o ) o (M) )
kn 2 2
VveVy, n=1, .. ., N,
(8.24b) (ud,v)=ulv) VveVy.

Here, the difference quotient (uf—uf~1)/k, replaces (u(ty)+u(ty—1))/2 and
the corresponding discretization error is O(k,zl). This time we obtain the
following system of equations on each time level:

(8.25) ( B+ %A) En= ( B - %A) En—1 4 ko (F(t) +F(ty—1))/2.
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By taking v=(uj+uf~1)/2 in (8.24a) we easily obtain again the stability
inequality (8.23) in case f=0.

For the problem (8.11) in matrix form the backward Euler and
Crank-Nicolson method read: Find yw"eRM, n=1, 2, . . ., N such that for
n=1,... N

n__,n—1 _
(8.26) "——k"——+Ann=g(tn),

n

n_,,n—1 _
B2y T A= (et +etan)).

n

In the case g=0, (8.26) leads to the following matrix equation for n:
(8.28) (I+kpA)nr=n-1,
With the notation of Chapter 7, we have

) 1
8.29 I[+k,A)" Y=
(8.29) (A+kaA)7|= max 1+ Ko

<1,

since the eigenvalues p; of A are positive. From (8.28) and (8.29), we have
that
(8.30) In<innr-l<. . .<|n9, n=1, ... N,

which is another way of stating (8.23). Similarly we have for the Crank-
Nicolson method

(8.31) (I+% knA) n"=(1- % knA) N1,

and
1
'1__knl’tj,
1+ L2 16,A) 1 (1= LAY = max— 2 <1,
2 2 i q 1

which again implies (8.30).

Not all time-discretization methods for (8.11) (or (8.10)) satisfy stability
estimates of the form (8.30) (or (8.23)) regardless of the size of the time steps
kn. As an example, let us consider the so-called forward Euler method for
(8.11):

nn_nn—] _
(832) Lt A =g(ta),
n
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or, with g=0,
(8.33) n=(I—-k,A)n"~1.
Here

I-knA|=max |1—Kknpj|=|1-knpm|<1
j

only if kyum=<2, or, k,<2/upm=0(h?) since pp=0(h~2). This means that for
the forward Euler method (8.32) we can only guarantee the stability inequality
Innt1|<|nn| if the time step ky, is sufficiently small, or more precisely if

(8.34)  kn<ChZ

In other words, the forward Euler method (8.32) is conditionally stable under
the condition (8.34). If [I—k,A|=a>1 with o independent of n, then the
forward Euler will be unstable and useless for computational purposes and
thus the method can only be used under the condition (8.34). This condition
is very restrictive requiring very small time steps k, if h is only moderately
small.

One way of phrasing the stability condition (8.34) for the Euler forward
method for (8.32) is to say that k, has always to be chosen so small that the
fastest time scale is resolved. Of course this is a natural condition in the initial
phase of a transieni where the “‘fastest” solution components play a role, but
not so outside this phase. In contrast to the forward Euler method, the
backward Euler and Crank-Nicolson methods are both stable regardless of
the size of the time steps kp, i e, these methods are unconditionally stable. This
is a very desirable property of a time-discretization method for a parabolic
problem.

In the backward Euler and Crank-Nicolson method we need to solve a
system of equations at each time step (see (8.22), (8.25), (8.28), (8.31)), ie,
these methods are implicit, whereas for the forward Euler method the solution
n™*1is directly given by n® without solving any system, (see (8.33)), ie, this
method is explicit. Clearly an implicit method requires more work per time
step as compared with an explicit method. Thus, on the one hand we have
unconditionally stable implicit methods and on the other hand conditionally
stable explicit methods. The more efficient methods for parabolic problems
belong to the first class; the extra cost involved at each step for an implicit
method is more than compensated for by the fact that larger time steps may
be taken (outside very fast transients, where accuracy requires very small time
steps).
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8.4.3 The discontinuous Galerkin method

We shall now consider the discontinuous Galerkin method for (8.8) which is
based on using a finite element formulation to discretize in the time variable.
To formulate this method we introduce for a given non-negative integer q the
space

Whk={v: I- Vi v| €Py(In), n=1, . . ., N},
where

a .
Py(I)={v: In— Vy: V(t)=i§0vit‘ with v;e V},

1€, Wh 1s the space of functions on I with values in Vj}, that on each time
interval I, vary as polynomials of degree at most q. Notice that the functions
vin Wy may be discontinuous in time at the discrete time levels t,. To account
for this we introduce the notation

vl = lim v(ty+s), v™= lim v(ty+s),

s— 0+ s— 0-
[v]=vi-vl,

where [v"] is the jump of v at tp,.
The discontinuous Galerkin method for (8.8) can now be formulated as
follows: Find U e Wy such that

(8.35) A(U, v)=L(v) Vve Wi,
where

n

A(w, V)= g] [ ((w, v)+a(w, v))dt
=11,

+ 3 (], v (v,
L(v)= [ (£, v)dt+(@®, v9).
1

Since ve Wy varies independently on each subinterval I, we may alterna-
tively formulate (8.35) as follows: For n=1, . . ., N, given U" "}, find
U=Uly,ePqy(In) such that

(8.36) [((U, v)+a(U, v))dt+(Ur~ 1 yv1-h)=
I,

Ij(f, v)dt+(U 1 yah, VvePy(Iy),

n

where U =u?.
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For q=0, using the notation UP=U"=U"%-1 (8.36) reduces to the
following problem: For n=1, . . ., N, find U"eVj, such that

(8.37)  (Un—U"1 v)+kna(UM, v)=[(f, v)dt VveVy, n=1, ..., N,
I,

where U™ =u®. This is a simple modification of the backward Euler scheme
(8.21) where the right hand side involves an average of f over I, rather than
the value of f at t,.

For q=1 we have that (8.36) is equivalent to the following system with

t—th—1

with U(t)=Up + U,, tel,, U;eVy,

n
(Uo,v)+kna(Up,v)+(Uy,v)+ % kna(Uj,v)
=(U"-1v)+ [(f(s),v)ds,  VveVy,
I,
(8.38)

%kna(Uo,v)+ %(U],v)+ % kna(Up,v)

kif s—tp_1) (f(s),v)ds,  VveVy.
I,

8.4.4 Error estimates for fully discrete approximations and
automatic time and space step control

We now give an error estimate for the discontinuous Galerkin method (8.35)
in the case q=0, ie, the backward Euler scheme (8.37) with, as above, Vy
piecewise linear on a quasiuniform triangulation satisfying (4.1). The proof
is given in Remark 8.1 below.

Theorem 8.2 Suppose there is a constant y such that the time steps kj, satisfy
kn—1<vkp, n=2, . . ., N and let U™ be the solution of (8.37). Then there is
a constant C depending only on vy and the constant 3 in (4.1) such that for
n=1, ..., N,

8.41)  lu(tn)— U“H<C(1+10g )”2(maXIHu(S)HdS

m=<n |

+max h2l ()l (@)-

=1,
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Absorbing the ‘“almost bounded’ logarithmic quantity in the constant C, and
using the trivial fact that

Ifliu(s)}}dsskn}}u\lw,ln,

where ||v||«, ;=sup ||v(s)||, we can write (8.41) alternatively as follows
sel

(8.42) max ||u(t)—U(t)||<C (max kn||0||w, 1, + max h?||u(t)||nX())-
tel n<N tel

Here of course the first term on the right hand side bounds the time
discretization error and the second term the space discretization error.

Suppose now &>0 is a given folerance and that we want the time
discretization error in (8.37) to be bounded by 0 for all tel (cf Problem 8.7).
By (8.42) we see that this will be the case if

8.43)  kllilw 1 < —g—, n=1,.. ., N,
with C the constant in (8.42). This gives a rule for choosing the local time step
kn according to the size of ||i]|e 1. Of course, |||, 1, is not known in

advance, but it seems plausible that one would have
(8:44)  kalluffw, 1, ~[[UP=U"H,

and thus we are led to the following criterion for correct choice of time steps
for (8.37) involving only the computed solution U:

8.45)  [[un-Un-1[| =2,

C

One may satisfy this criterion at each time step e g by trial and error as follows:
With Un~! given, a first guess of the next time step k, is made (e g kn=kn—1)
and a corresponding U™ is computed. If |[UM—U""!|| is sufficiently close to
d/C, then U™ is accepted and otherwise k, is decreased or increased to make
|J[Un—Un-1||=8/C. Variants of this procedure are possible. For example, as
initial guess for k, one may choose dk,_1/(C |[Ur~1-Unr~2}}).

Under reasonable assumptions one can show that (8.44) is correct (except
possibly for a few initial steps) and thus one can prove that if the computation-
ally verifiable criterion (8.45) is satisfied, then the time discretization error
in (8.37) will be bounded by &. A typical behaviour of ||u(t)|| for t moderately
small, is given by ||u(t)||~Ct~%, where 0<a<1 (cf Section 8.2). In such a case
the method based on (8.45) will thus automatically choose the correct time
step sequence k=0t /C (cf Example 8.1 below).
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Returning to the space discretization error in (8.42) let us notice that in
(8.37) it is possible to use different spaces Vj, for the space discretization on
different time intervals I,. The error estimate (8.42) also holds in this case,
if for example VP V™! with now the space discretization error bounded by
(8.46) C max h3 max |[u(s)||n¥(@),

n< sel,
where hy, is the mesh size in V. The condition VIcV2~! may naturally be
satisfied in the usual situation when u becomes smoother as t increases.

For simplicity assume now that =0 in (8.2). By our assumption that Q is
convex, we then have by (8.2a) and (4.27) that [{u(t)||i2(q)<C|u(t)||. To also
control the space discretization error to the tolerance 0, we are therefore led
to choose h, depending on n so that

. O
(8.47) hZ|af, 1,= R
Again we may estimate the unknown quantity ||||., 1 using (8.44).
For the method (8.38) one may, under the assumptions of Theorem 8.2,
prove an error estimate of the form

(8:48)  max [ju(t)~U()||<C max (kj [[u®]e,1,+hg max [|u(s)|w(@),
tel n sel,

2
where u(2)=%% and where C contains a logarithmic factor as above. We also
t

have the estimate

(8.49) max ||u(t,)—U"|| < C max (k|| Au@||a 1
n n
+h} max |u(s)/lr@),
sel,

which shows that (8.38) in fact is third order accurate in time at the discrete
time levels ty,.

Relying on (8.49), we are led to control the time discretization error in
(8.38) as follows:

8.50) Kl AU, In=g.

Again the unknown quantity || Au®||. 1 may be estimated using the com-
puted solution U. The method (8.38) with time step control (8.50) will
typically require much fewer time steps than (8.37) with time step control
(8.45). Although (8.38) is more costly per step than (8.37), in general (8.38)
is much more efficient than (8.37) (cf Example 8.1).
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In this section we have briefly indicated some important aspects of the
problem of time discretization of parabolic problems. Of particular interest
here is the discontinuous Galerkin method for which almost optimal error
estimates can be obtained. These may be used as a basis for the design of
rational methods for automatic time step control. With classical methods and
techniques this was not achieved. For more information on this topic, see [J3],
[EJ1], [JNT], [JEL].

Remark 8.1 The proof of the error estimate (8.41) for the backward Euler
method (8.37), ie, the discontinuous Galerkin method (8.36) with q=0, is
analogous to the proof of Theorem 8.1 and is again based on a duality
argument. First, we introduce the interpolant UeWyy defined by

(8.51) [ a(U—u, v)ds=0 YweWh, n=1, ..., N,
1€, "

Ur=U|; = lj p(s)ds,

" Kpi,

where Gy (s) € Vy, is given by (8.16). Now, let Ze Wy satisfy
(8.52) A(w, Z)=(wN, UN-UN) Vw e Wh,
ie, Z is a backward Euler approximation of the solution z of the problem:

—z—-NAz=0 in QXxI,

z(T) = UN-UN,

Now, taking w=U—-UeWy, in (8.52) and using the fact that
A(u, v)=L(v) VveWi,

we get, writing @=u—U and recalling (8.51),
|[UN-UN|2=A(U-U, Z2)=A(u-U, Z)

n

N ) B N
= zlj (8, Z)+a(u—U, Z))ds+ 22([911—1], yARD
ity -

N-1
+(0%, 25)=- Z (82, [Z")+(6, ZT).
n=

This gives the error representation formula

(8.53)  [JUN-UN|2=(6T, ZE‘)—E:(OE, [Z7).
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Now, corresponding to (8.18) and (8.19), we have the following stability
estimates for (8.52) (cf Problem 8.6):

(8.54) 1Z2]|<|[UN-ON]|,  n=1,... N,
N-1 T 12 )
(8.55) = l[ZzM]|<C(1+log —) [JUN—UN]|,
n=1 kN
Together with (8.53) these estimates prove that
N T . 12 3
lu(tx)~UN|| < C (1+log =) max|fu(®) -0,
N tel

which proves (8.41) for n=N. Since N may be replaced by n for n=1, . . .,
N, we thus obtain (8.41) by estimating ||u(t) —U(t)|| as in the proof of Theorem
8.1. O

Remark 8.2 The stability estimates (8.54) and (8.55) for the discrete auxiliary
problem (8.52) used in the above proof, correspond to the estimates (8.5) and
(8.6) for the continuous problem (8.7). In particular, the near optimality of
the error estimate (8.41) is a result of the use of the strong stability estimate
(8.55). Conventional (non-optimal) error estimates for (8.37) only use the
weaker stability estimate (8.54). O

Remark 8.3 Note that the constant C in (8.41) in particular is independent
of t,. This means that we may compute over very long time intervals essentially
without growth of the global error. This reflects the parabolic nature of our
problem. [

Remark 8.4 If we apply the backward Euler (i=1), the Crank-Nicolson
method (i=2) and the discontinuous Galerkin method with gq=1 (i=3) to the
scalar problem

N+An=0,  t>0,

8.56
529 no=n.
where A>0, we get the following time stepping methods
(8.57) En=r;(kp\)EP 1, i=1, 2, 3,
where for x>0,
1-X 1-X
1 2 3
n®=o—~, npE®=—, nE=—F—7
X 142 1+=x+=>x2
2 3 6
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The relations (8.57) should be compared with the following relation satisfied
by the exact solution of (8.56):

N(tn) = ~koh N(tn-1)-

Here of course the rj(x) are rational approximations of the exponential e ~%;
we have that

e *—1i(x)=0(x*1) as x— 0,

corresponding to the fact that the order of the method i is i, i=1, 2, 3. We
also have

Iri(x)|<1 for x=0, i=1, 2, 3,
and

ri(x)— 0 as x— o« for i=1 and 3,
but
(8.58) r(x)— —1 as Xx— .

By (8.58) we have that the rational function ry(x) associated with the
Crank-Nicolson method does not behave like the exponential e * for x large.
This means that the Crank-Nicolson method is not suitable for use in time
intervals where the exact solution is non-smooth, for example in initial
transients, where components corresponding to large eigenvalues A play a
role. O

Example 8.1 In Fig 8.1 we give results obtained by applying (8.38) with
variable spaces Vi to the problem (8.3) with f=0 and ug(x)=1, 0<x<mx in

which case ||u(t)|| ~ Ct~® as t — 0 with a=%, cf Section 8.2. The space and

time step control was monitored by computational forms of (8.47) and (8.50).
The number of space steps was restricted to be of the form 2™, m=0, 1, ... .
We see that the error ||e(t)|[1,(0, n) is, up to a factor 2, constant in time and
of the order 0.26=0.001. Also notice that the time and space steps vary
considerably in time and that the total number of steps N ~ 30. This example
is taken from [EJL].
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Fig 8.1 Fully discrete approximation of parabolic problem with automatic time and
space step control
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Problems

8.1

8.2

8.3

8.4

8.5

Consider the one-dimensional parabolic problem (8.3) with f=0.

(a) Prove using (8.4) that if u%(x)=n—x, 0<x<m, then

23
a(t)l|sCt +  ast—0.

(b) Discretize in space using piecewise linear functions on a uniform
partition with space step h and determine the corresponding
ordinary differential equation (8.8). Determine the constant C in
the stability requirement (8.34) for the forward Euler method with
uniform step size k. Hint: The eigenvectors of the matrices B and

A in this case are given by vi=(v}, . . ., v},) with
i ijm 1

vi=sin( —— M= - —1.
=sinC S h

Also determine the condition numbers of the matrices B and A.

Let n be the solution of (8.11) with g=0 given by (8.20).
(a) Prove that

0
o)+ An(] < <1 0.

(b) Using (a) and the fact that |AE|<Ch~2|E| prove that
T . T\ 10
g(In(S)HIAn(S)I)dsSC (1+]log 51 ) In%.

Suppose the time steps k;, for (8.37) are chosen according to (8.43)
with a non-smooth solution u satisfying ||a(t)||~Ct=1%¢ for some £>0.
Compute the number of steps required if T=1 and compare with the
number of steps required in the case of a smooth solution satisfying
la(l|~C.

Propose an efficient method for solving the problem (8.22) related to
the backward Euler method (8.21).

Compare computationally the methods (8.37) and (8.38) for the
problem considered in Problem 8.1 with varying degree of smoothness
of the initial data ug. Use (8.45) for the time step control for (8.37)
and (8.50) for the method (8.38). Compare with results obtained using
a constant time step.
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8.6

8.7

8.8

166

Prove for the method (8.37) with f=0 and under the assumption
kn=<Ckp—_1, that

(a) [[Uni<|®l, n=1,.. N,

N -1 2 1/2

Un_Un

() ( Etafl =1 kn) <Clju],
n=1 kn

T .12
(c) ZH Hk < C(1+log k_1) ||u}].

n

Also extend (a) to (8.35).

Hint: For (b) choose v=t,(U"=U""1) in (8.37). For (c) use (b) and
Cauchy’s inequality.

Using the error representation formula (8.17) prove the following
variant of the estimate (8.14) for the semi-discrete problem (8.8) with
f=0:

[Ju(t)- uh(t)H<—HIB(S)IIdS+C(1+ log —I)max 16(s)]

_<S<t
2

t h2
<C(1+] log 75 1) ™= [Juf]|

This estimate shows that the error has optimal order for t bounded
away from zero even for non-smooth initial data. In other words, to
have a small error for t away from zero it is (for linear problems) not
necessary to resolve an initial transient completely. Similar results hold
for (8.30) and (8.38) (cf [Th]).

Consider the following time-dependent variant of the convection-
diffusion problem (2.23):

a——uAu+B1 —+[32——f in QXI,

ot X2
u=0 on I'XI,
u(x,0)=u’, xeQ.

Extend the methods (8.8), (8.21), (8.24), (8.35) to this problem and
prove in the case f=0 a stability inequality analogous to (8.23).



9. Hyperbolic problems

9.1 Introduction

In previous chapters we have seen that the finite element method applied to
linear elliptic and parabolic problems produces numerical methods with very
satisfactory properties. We now turn to problems with mainly hyperbolic
character, such as e g convection-diffusion problems with small or vanishing
“diffusion. Problems of this form typically occur in fluid mechanics, gas
dynamics or wave propagation.

It was observed early on that, in contrast to what is the case for elliptic and
parabolic problems, standard applications of the finite element method to
hyperbolic problems lead to numerical schemes which frequently do not give
reasonable results. More precisely, it was observed that standard finite
element methods for hyperbolic problems do not work well in cases where
the exact solution is not smooth. If the exact solution has eg a jump
discontinuity, then the finite element solution will in general exhibit large
spurious oscillations even far from the jump and will then not be close to the
exact solution anywhere. This is of particular concern since in many interesting
hyperbolic equations, the exact solution is not smooth. Only recently has it
been possible to overcome these difficulties and construct modified non-
standard finite element methods for hyperbolic problems with satisfactory
convergence properties. In this chapter we will present these new finite
element methods, the streamline diffusion (cf Remark 9.9) and discontinuous
Galerkin methods, and compare them with standard methods. These new
methods apply to first order hyperbolic problems such as eg convection-
diffusion problems with small diffusion. We will also briefly discuss standard
finite element methods for a second order hyperbolic problem, the wave
equation for the Laplace operator. In this case improved finite element
methods are still to be discovered.
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9.2 A convection-diffusion problem

As an example of a linear hyperbolic-type equation let us consider the
following convection-diffusion equation:

9.1) %‘i— +div(up)+ou—eAu=0 in QxI.

Here u is a scalar unknown representing a concentration for example,
B=(P1, - - -, Ba) is a given velocity field, o an absorption coefficient, €=0 a
diffusion coefficient, QcRY and I=(0, T) is a given time interval. The
equation (9.1) is of mixed hyperbolic-parabolic type with more or less
hyperbolic or parabolic character depending on the size of € and 3. We assume
here that € is small, which means that (9.1) has mainly hyperbolic nature (if
€ 1s not small then the material in Chapter 8 applies, cf Problem 8.8). In
particular, with e=0 we have the following purely hyperbolic equation:

9.2) aa—‘t‘ +div(up)+ou=0 in QXI,
or equivalently
(9.3) g—‘: +B- Vutyut0  in QxI,

where y=0+div 3. Let us briefly study this purely hyperbolic equation and
first consider a stationary situation with u and f independent of time t, ie,
let us consider the following equation

(9.4) B Vu+yu=0 in Q,

where 3=f(x) and y=v(x) are given coefficients. The streamlines correspond-
ing to the given velocity field B=(B1, . . ., Bq) are given by the curves x(s),
x=(X1, . - ., Xd), Where x(s) is a solution of the following system of ordinary

differential equations:

dx; .
d’:=ﬁi(x) i=1,...,d

These curves, parametrized by the parameter s, are also called the characte-
ristic curves (or characteristics) of the problem (9.4). Assuming that f is
Lipschitz-continupus (i e |(x) —B(y)|<C|x—y| Vx, yeQ, for some constant C),
there is for a given point XeQ exactly one characteristic x(s) passing through
X, ie, there exists a unique function x(s) such that (cf Fig 9.1)

dx; .
dsl =[5i(x), 1=1, ey d,

x(0)=x.

(9.5)
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Fig 9.1

We now observe that if x(s) is a characteristic, then by the chain-rule we have

d d au dX' d au
d =3 = = —pi=B- Vu,
3 (W) i=10%; ds  i=10x; hepee

so that by (9.4)
(9.6) dis u(x(s))+yu(x(s))=0.

Thus, along each characteristic the partial differential equation (9.4) is
reduced to an ordinary differential equation. If the concentration u is known
at one point on a given chaacteristic x(s), then u can be determined at other
points on x(s) by integration of (9.6). As an example let us assume that u is
given on the inflow boundary T'_ defined by

I'_={xel" n(x) - B(x)<0},

where I is the boundary of Q and n(x) is the outward unit normal to T" at xeT"
(cf Fig 9.1). The concentration u at an arbitrary point X in Q can then be
determined by integration along the characteristic passing through X starting
on I'_. In particular this means that in the problem (9.4), effects are
propagated precisely along the characteristics.

It is important to notice that a solution u of (9.4) may be discontinuous
across a characteristic. For instance, if the given concentration u on I'_ has
a jump discontinuity at some point Xe€I', then the solution u will be
discontinuous across the entire characteristic passing through X. As a simple
example let us consider the following problem in R2:
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Qu in {xeR%0<x;<1},
axl

u(0, xp)=1 for 0<x2<%, u(0, x)=0 for %<x2<1,

corresponding to taking B1=1, =0 and y=0 in (9.4). Clearly the solution
to this problem is given by (cf Fig 9.2).

u(xy, x2)=1 for 0<x2<%, O<xi<1,
u(xi, x2)=0 for %<x2<1, 0<xi<1.
%2
4
Q
0
>
1 , %,

Fig 9.2

Let us now return to the time-dependent problem (9.3). If we here replace
t by xo and let fo=1, then this equation can be written:

Ju
OXj

This is formally an equation of the same type as (9.4) and the discussion
concerning (9.4) also applies to the equation (9.7). In particular, the
characteristics of (9.7) are the curves (x(t), t) in space-time, where x(t) satsifies

dx;
dt
(here the parameter s is chosen to be equal to t=x( corresponding to the

n
(9.7) 2 B +vyu=0.
i=0

—Bi(x,t) i=1,...,d,

. dXO
tion —=fp=1).
equation m Bo=1)

Remark 9.1 Another equation of the same form as (9.2), although nonlinear
since here the velocity is unknown, is the continuity equation (or principle
of conservation of mass) in gas dynamics:
o0 .
— +div (pv)=0,
0 (ov)
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where o is a density and v a velocity. This equation, and additional equations
expressing conservation of momentum and energy and a constitutive relation,
constitutes a system of nonlinear hyperbolic equations which are the basic
equations of gas dynamics. [

We will also consider briefly the following generalization of the scalar linear
hyperbolic equation (9.3):
(9.8) du, 3 A BU gyt
ot  j=1 OXj
where the Aj and B are mXm matrices depending on x and t, the A; being
symmetric, and u is an m-vector. We say that (9.8) is a linear symmetric
hyperbolic system. In particular we shall consider a (positive) Friedrichs’
system which is an equation of the form (9.8), together with certain boundary
and initial conditions, satisfying a positivity condition. A simple example in
one space dimension of a system of the form (9.8) is given by

du 0 —1 | ou —0 _lu
— _— . u._
ot -1 0| ox u
which is another way of writing the wave equation
O*w _ 3%w_
o2  3x?2
using the notation u;= ﬂv_’ uy= ow .
ot ox

In the case of one space dimension (ie with d=1), a system of the form (9.8)
together with appropriate boundary and initial conditions can be solved using
the method of characteristics. In this case there are m characteristics (x'(t),

t) i=1, . . ., m, through each point x, satisfying the equations
dxi : .
—=A(x, t i=1, ..., m,
2 hi(x, 1)
where the Ai(x, t), i=1, . . ., m, are the eigenvalues of the matrix Ay(x, t).

9.3 General remarks on numerical methods for
hyperbolic equations

Common methods for the numerical solution of hyperbolic equations are of
the following types:
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— method of characteristics,
— finite difference methods,
— finite element methods.

The method of characteristics may be used for scalar linear equations in
several space dimensions and for linear systems in one space dimension. In
practice this would come down to solving first the equations for the
characteristics and then integrating along the characteristics, in both cases
using some numerical method for integrating ordinary differential equations.
In principle this is a very good method but it may not be so easy to use in
practice, particularly not for a system. Further, for a mixed hyperbolic —
parabolic equation like (9.1), this method cannot easily be used. For these
more general problems one usually uses finite difference or finite element
methods based on a fixed mesh, ie, a finite difference or finite element mesh
that is not adapted to fit the characteristics of the particular problem to be
solved. The use of a fixed mesh gives methods which are easy to program but
it also may cause numerical difficulties if the exact solution is non-smooth with
e g a jump discontinuity across a characteristic. In such a case conventional
finite difference or finite element methods will produce approximate solutions
which either oscillate (as standard Galerkin or centered finite difference
methods) or excessively smear out a sharp front (as do classical artificial
diffusion methods), see Fig 9.3.

\
\
\

\/[\VAh \ > x TR X
— Exact solution ~—————  Streamline diffusion (without
———— Standard Galerkin shock-capturing)
Centered finite difference scheme —— — Discontinuous Galerkin

— — — Classical artificial
diffusion

Fig 9.3
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Thus, conventional methods are lacking in either stability or accuracy. Below
we shall present the recently introduced streamline diffusion method and the
discontinuous Galerkin method which at the same time have high order
accuracy and good stability properties and which perform considerably better
than the conventional methods (cf Fig 9.3 and Examples 9.2, 9.5 and 9.6
below).

9.4 Outline and preliminaries
We will first consider scalar problems of the form

2—ltl+div([3u)+ou—sAu=f (x,0)eQxI,
(9.9)
u(x, 0)=up(x) xeq2,

with the stationary analogue
(9.10) div(Bu)+ou—eAu=fin Q,

together with boundary conditions, where Q is a bounded domain in RY,
I=(0,T) is a time interval, and the coefficients o, €=0 and B=(P1, . - -, Bd)
depend smoothly on (x,t) or x. We assume that

9.11) %div B+o=a  in QxI,

where a=0 is a constant with a>0 in the stationary case. This condition will
ensure the stability of the problems (9.9) and (9.10) for all €0 (for € small
(9.11) can be relaxed, see eg [Na]). The boundary conditions may be of
Dirichlet, Neumann or Robin (third) type. For simplicity we will consider two
model problems with constant coefficients and Dirichlet boundary conditions,
one stationary and one time-dependent. We leave the straight forward
extension to variable coefficients and other boundary conditions to the
problem section.
We shall consider the following finite element methods:

Standard Galerkin

Classical artificial diffusion

Streamline diffusion

Discontinuous Galerkin

Time discontinuous streamline diffusion.

moOQ®wp
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The methods A, B and C apply to stationary mixed elliptic hyperbolic
equations of the form (9.10) with € small while method D is designed for purely
hyperbolic problems of the form (9.9) and (9.10) with €=0. Finally, E is
intended for the time-dependent problem (9.9) with £>0.

To conclude the chapter we shall discuss the application of the above
methods to the case of Friedrichs’ system and also consider some methods for
second order hyperbolic equations, such as the wave equation.

We now state the two model problems to be discussed below. Let then Q2
be a bounded convex polygonal domain in R? with boundary I' and let
B=(P1,B2) be a constant vector with |3|=1. We shall consider the following
stationary boundary value problem:

—eAu+ug+u=fin Q,

(9.12) u—gonT

where € is a positive constant, and vg=f3- Vv denotes the derivative in the
B-direction. The corresponding reduced problem obtained by setting =0
reads:

ug+u=fin Q,

(9.13) 4=gon L.,

where I'_ is the inflow boundary defined by
I'_={xel: n(x)-p < 0},

where n(x) is the outward unit normal to I' at the point xel'. The
characteristics of the reduced problem (9.13) are straight lines parallel to 3
(cf Fig 9.4). We notice that in the reduced problem the boundary values are
prescribed only on the inflow part T'_.




Let us briefly recall some basic facts concerning the regularity of the exact
solutions u of (9.12) and (9.13). As already noted, the solution of the reduced
problem (9.13) may be discontinuous with a jump across a characteristic if
the boundary data g is discontinuous, for example. In the full problem (9.12)
with €>0, the solution is continuous in €, and such a jump will be "’spread
out” on a region of width 0(V ¢) around the characteristic. Such a narrow
region (for € small) where u (or some derivative of u) rapidly changes, is called
a layer. If the values attained by the solution u of the reduced problem on
the outflow boundary T' =T \T'_ do not coincide with the boundary value g
specified in the full problem, then the solution of the latter problem will have
a boundary layer at T;. The thickness of this layer will be 0(g), cf Fig 9.4.

LetJ=(0, 1) be aspace interval, I=(0, T) a time interval, and Q=JXI. Then
the time-dependent model problem is as follows:

ut+uX_8uXx=f in Q,
(9.14) u(x,0)=uq(x) x€l,
u(x,t)=g(x,t) x=0,1, tel,
with the corresponding reduced problem:
ug+u,="f in Q,
(9.15) u(x,0)=uq(x) xeJ,
u(0,t)=g(t) tel.

Clearly the problem (9.15) has (except for the u-term) the same form as (9.13).
The characteristics of (9.15) are straight lines in the (x, t)-plane with direction
(1, 1) and the inflow boundary is given by the points (x, t) with x=0 or t=0
(cf Fig 9.5).

Fig 9.5

We use the following notation when discussing the methods A-D for the
stationary problems (9.12) and (9.13):

(v, w)=[vw dx, (Vv,Vw)=[Vv- Vw dx,
Q Q
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[Ivll=1V] L), IVIls=1IvIE@),

<v, w>=[vwn-f ds,
T

<v,w>_=[vwn-fBds, <v, w>,=[vwn-f ds,
r r,

v[=(Jv*n- Blds)"2,
r

where ' =['\T'_={xeln(x) - B=0}. We notice that by Green’s formula
(v, W)=<v, w>—(v, wp).

Further let {T}} be a family of, for simplicity, quasi-uniform triangulations
Th={K} of Q with mesh size h which satisfy as usual the minimum angle
condition. For a given positive integer r we introduce the finite element space

Vh={V€H1(Q)Z V’KGPr(K) VKGTh},

1e, Vy is the space of continuous piecewise polynomial functions of degree
r. From the approximation theory of Chapter 4, we have that for any
ueH t1(Q) there exists an interpolant dPeVj, such that

(9.16a) llu—ah)|<Ch™ ! |u||;+1.

(9.16b)  [Ju—ah[;<Ch]jullys1.

Moreover, if the derivatives of u of order r+1 are bounded on Q, then
lu—ah|<Chr*l,

and with somewhat less stringent regularity requirements (see [Ci])

(9.16¢) lu—ah|<Chr 12| |uf|; 4+1.

In the proofs below we will often use the inequality

2ab<ea?+e1b?,

for a, b real numbers and £>0.

9.5 Standard Galerkin

Let us first consider the standard Galerkin method for the stationary model
problem (9.12) with €¢>0 and let us then for simplicity assume that the
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boundary data g is zero. This problem can be given the following variational
formulation: Find ueH}(Q) such that

(9.17) e(Vu,Vv)+(ug+u,v)=(f,v)  VweH}(Q).
Let now the finite element space
\O/h={vth: v=0on I'}

be given. The standard Galerkin method for (9.17) reads: Find uPe \olh such
that

(9.18) e(Vub, Vv)+(ul+uh, v)=(fyv)  VveVp.

This method will perform well if e=h, but if e<<h then this method may
produce an oscillating solution which is not close to the exact solution. To get
an idea of what may happen, let us consider the following simple one-
dimensional example:

Example 9.1 Consider the boundary value problem

_Suxx+uX=0, 0<X<1,

(9-19) u(0)=1, u(1)=0,

with 0<e<<1. The solution of this problem is given by

1— 1

X
u(x)=a(l—-e ¢ ), a=(l—-e ¥)~L
For € small u(x) is close to 1 except in a layer at x=1 of width 0(¢) where u
decays from 1 to 0, see Fig 9.6.
If we apply the standard Galerkin method with piecewise linear functions
on a uniform mesh with mesh length h to (9.19), we obtain the following
system of equations for the values U; of the finite element approximation uy

at the gridpoints xj=ih, i=0, 1, . . ., N, where xy=1:
1 :
B fz[Ui+1—2Ui+Ui—1]+ ﬁ[UHl_Ui—l]:O, i=1,... N-1,
(9.20)
Up=1, Un=0.

We notice that (9.20) may also be viewed as a difference scheme with a central
difference approximation (Uj+1—Uj-1)/2h for the convective term uy. Now,
if N is odd and ¢ is very small, then the solution Uj of (9.20) is approximately
equalto 1 forieven and equal to 0 for i odd, and we get a solution thatoscillates
in the whole region and that is not close to the exact solution (cf Fig9.6). O
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Fig 9.6 Exact solution and approximate solution by the standard Galerkin method
(solid lines) for (9.19) with e=0.01, h=1/11, (cf also Problem 9.5)

To sum up, the standard Galerkin method (9.18) may produce an oscillating
solution if e<h and the exact solution is non-smooth. However, if the exact
solution happens to be smooth, then the standard Galerkin method will
produce good results even if e<h (cf Problem 9.2).

Let us now turn to the reduced problem (9.13) with e=0. We will consider
two variants of the standard Galerkin method.

Standard Galerkin with strongly imposed boundary conditions:
Find uPeVy, with uP=g at the nodes on I'_ such that

(9.21) (ufi+uh, v)=(f,v)  VveVpwithv=0onT_.
Standard Galerkin with weakly imposed boundary conditions:
Find uleVy, such that

(9.22) (uB+uh, v)—<ul v>_=(fv)—<gv>_  VveVp.

Let us analyze the method (9.22) (we leave the method (9.21) to Problem
9.3).
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Introducing the notation
b(w, v)=(wgt+w, v)—<w, v>_,
Iv)y=(f,v)—<g,v>_,
this methods reads: Find u,eVy, such that
(9.23) b(uh, v)=[(v) L AZAYY
Since the exact solution u satisfies (9.13), we clearly also have
b(u, v)=I(v) VveVy,
and thus by subtraction we get the following equation for the error e=u—uy:
- (9.24) b(e, v)=0 VVvEVy.

The stability of the method (9.22) is a consequence of the following property
of the bilinear form b:

Lemma 9.1 For any ve H{(Q) we have

1
b(v,v)=iv|+2 i

Proof By Green’s formula
(vg,v)=—(v,vp)+<v,v>,
so that

(vg,v)= %<V,V>= %<v,v>+ + %<v,v>_.

Hence

b(v,v)=||v|]>+ % <v,v>4 + %<V,V>_ — <v,v>_=

1 1
=|Iv|]2 +% <vy>i = <o = MR+

sincen-f=0onT;andn-B<0onl_. O

Since (9.22) i1s equivalent to a linear system of equations with as many
unknowns as equations, we obtain uniqueness and hence also existence of a
solution from Lemma 9.1. Let us now prove an error estimate for the standard
Galerkin method (9.22).
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Theorem 9.1 There is a constant C such that if u satisfies (9.13) and uPeVy,
is the solution of (9.22), then

(9.25) Ju—uP(|+|u—uP} < Chifullr+1.

Proof Let ihe V}, be the interpolant of u satisfying (9.16) and write n"=u—ah

and eh=uh—qh so that eh=nP—e, where e=u—ul. By Lemma 9.1 and (9.24)
with v=eleV},, we have

et 2leh2=b(e?, eM)=bin®, h)—b(e, "),
=b(n", eh)=(nf, eM+(n", eM)—<nh, eh>_

1 1
<[mglP+{ P+ et P+ PP+ et

Recalling (9.16) we have that

gl 1+ Imb][+ b <Chr|fulfr11,
and thus

|leM||+]eh| <Ch"[|uf|r+1.

Since e=el—ny, the desired inequality now follows from the triangle
inequality and the proof is complete. [

The estimate (9.25) proves that if the exact solution u of the reduced
problem (9.13) happens to be smooth so that ||u]|;+ is finite, then the standard
Galerkin method (9.22) will converge at the rate O(h’). Although this rate is
one power of h from being optimal, it shows that the standard Galerkin
method will perform rather satisfactorily in this case. However, in general u
will not be smooth and in this case the standard Galerkin method gives poor
results (the error estimate (9.25) is useless, for example, if u is discontinuous
since then ||ul|;= ).

Problems
9.1  For r=1, 2, estimate the norm |lul|; of the solution u of the
one-dimensional problem (9.19) in terms of e.

9.2  Prove an error estimate for the standard Galerkin method (9.18).
Explain why this estimate does not necessarily imply that this method
performs well for € small.

9.3  Prove an error estimate for the method (9.21).
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9.4  Consider for €0 the problem

—eAu+div(fu)+ou=f in Q,
u=0 inT,

with variable coefficients f(x) and o(x) satisfying the condition (9.11)
with a>0. Formulate the standard Galerkin method for this problem
and prove a stability estimate.

9.6 Classical artificial diffusion

The simplest way to handle the difficulties connected with the standard
Galerkin method (9.18) with e<h and (9.21)—(9.22) is to avoid these situations
completely. This can be done either by decreasing h until e>h, which may
impractical if € is very small, or simply by solving, instead of the original
problem with diffusion term —e/Au, a modified problem with diffusion term
—hAu obtained by adding the term —8Au, where d=h—e¢. This is the idea
of the classical artificial diffusion (or viscosity) method. To be precise, this
method for solving (9.12) with e<h reads: Find uPe Vh such that

(9.26)  h(Vuh, Vv)+(uf+ubv)=(fy)  VveVp

This method produces non-oscillating solutions but has the drawback of
introducing a considerable amount of extra diffusion. In particular, this
method introduces a diffusion term —hu,, acting in the direction 7 perpen-
dicular to the streamlines (‘‘crosswind” diffusion), and a sharp front or jump
across a streamline will be considerably smeared out. Moreover, due to the
added term — & Au such a method is at most first order accurate, and the error
is at best O(h) even for smooth solutions.

9.7 The streamline diffusion method

It turns out that to considerably reduce the oscillations in the standard
Galerkin method (9.18) in the case e<h, it is sufficient to add a term —dugg
where d=h—¢, ie, a diffusion term acting only in the direction of the
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streamlines. Such a modified artificial diffusion method would read: Find
ule Vy, such that

(9.27) e(Vub, Vv)+3(ufl, vg)+(uf+un, v)=(f,v) VveVp,

where d=h—eg. This method introduces less crosswind diffusion than the
classical artificial diffusion method (9.26), but still corresponds to an
O(h)-perturbation of the solution of the original problem.

However, it is possible to introduce the magic term 6(ug, vp) appearing in
(9.27) without such a perturbation. Let us first see how this may be done in
the case £=0.

9.7.1 The streamline diffusion method with =0

Let us start from the standard Galerkin method (9.22) with weakly imposed
boundary conditions. If, in the terms (. , .), we replace the test function veVy,
by v+hvg, we get the streamline diffusion method: Find uPeVy, such that

(9.28) (uf+uh, v+hvg)—(1+h) <uh, v>_
=(f,v+hvg)—(1+h) <g,v>_ VVveVy,

where for convenience we have also multiplied the boundary terms by the
factor (1+h). We notice the presence of the term h(ug, vp). Further, we notice
that the relation (9.28) is valid if we replace uP by the solution u of (9.13),
ie, the method (9.28) is consistent with (9.13) and does not introduce an
O(h)-perturbation as do (9.26) and (9.27).

Let us now analyze the method (9.28) and introduce the following notation

B(w,v)=(wp+w,v+hvg)—(1+h) <w,v>_,
L(v)=(f,v+hvp)—(1+h) <g,v>_.

The method (9.28) can then be formulated as follows: Find uPeVy, such that
B(uh,v)=L(v) VveVp.

Moreover, as we have just noted, the exact solution of (9.13) satisfies
B(u,v)=L(v)  VveHY{(Q),

and by subtraction we thus have the following error equation:

(9.29) B(e,v)=0 VveVp,

where e=u—uh.
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We will prove an error estimate in the following norm
1+h
Ivllg=Clivgl 2+ o]+ 222y,

This choice of norm is related to the following stability property of the bilinear
form B(. , .).
Lemma 9.2 For any veH!(Q) we have
B(v,v)=Ivllp-
Proof By Green’s formula we have
(VB,V)=% <v,v>,
and thus

B V,V)=-1ih— <v,v>—(1+h) <v,v>_ + ||v||? + hl|vg]|[?
2 §

=.11%13_ (<v,v> 4 — <v,v>_)+|[v|[2+h]|v| ]2

_1+h
2

which proves the desired equality. O

[V[2+{vI[>+hflvgl}?,

We can now prove an error estimate for the streamline diffusion method
(9.28).

Theorem 9.2 There is a constant C such that if uP satisfies (9.28) and u satisfies
(9.13), then

930)  [lu=uflp<Chr2fuller,

Proof Let iPeVy, be an interpolant of u satisfying (9.16). Writing as before

nh=u—ah and eh=ul—ah, and using Lemma 9.2 with v=e and (9.29) with
v=ub—ih, we get

lell3=B(e, e)=B(e, n")—B(e, e")=B(e, n")
=(eg, n")+h(eg, ng)+(e, n")+h(e, ng)—(1+h) <e, nh>_

h . h 1
< 7 lleglP+hHinPl2+ Zllepl>+blngl 2+ 7 le] P+

1 1+h
el Zn2 gl 24 S (1) b2
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Recalling the approximation result (9.16), we thus have
lellg < Ch2r 1 Julf2,,

which proves the desired estimate. [

Remark 9.2 Notice that it is the presence of the term h||eg||? in the quantity
He|||23 dominated by B(e, €) that makes it possible to split the critical term
(eg, M") into one term h||eg||?/4 that can be “hidden” in HeH%, and one term
h~1||nP||? that eventually will produce the factor h"*1/2, Thus, the streamline
diffusion method has “‘extra stability’ in the streamline direction as compared
with the standard Galerkin method where the form b(v,v) dominates only the
L,-norms ||v||? and |v|? and where the quantity HnBH appears in the proof of
the error estimate (cf the proof of Theorem 9.1). O

The error estimate (9.30) for the streamline diffusion method (9.28) states
that |

[lu—uhf|<Ch™* 2 Jul]r41,

[|(ug—up)||<ChJul|r+1.

Thus, the Ly-error is half a power of h from being optimal (cf (9.16a)), while
the Lp-error of the derivative in the streamline direction is in fact optimal.
These estimates indicate that the streamline diffusion method (9.28) should
be somewhat better than the standard Galerkin method (9.22) if the exact
solution is smooth, but they do not explain the dramatic improvement one
actually finds when the exact solution is non-smooth. The fact that the
streamline diffusion method also performs well in this latter more difficult case
is related to the fact that in this method effects are propagated approximately
as in the continuous problem, ie, essentially along the characteristics. One
can prove for the streamline diffusion method (see [JNP]) that the effect of
a source at a certain point PeQ decays at least as rapidly as exp (—d/CVh)
where d is the distance to P in directions perpendicular to the characteristics
(“crosswind” directions), and like exp (—d/Ch) in the direction opposite to
the characteristics (“‘upwind” direction). In particular, this means that the
effect of e g a jump in the exact solution across a characteristic will be limited
to a narrow region around the characteristic of width at most 0(Vh) (in certain
cases the width is improved to 0(h34), see [JSW]). On the other hand, in the
standard Galerkin method effects may propagate in the crosswind and even
in the upwind direction with little damping (see the discussion for the
one-dimensional problem (9.19) in Example 9.1).
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Remark 9.3 Note that for the continuous problem (9.13) with g=0 for
simplicity, we have the following stability estimate:

Jul +lul[+[[upl| <C]|f]].

This estimate follows by multiplying (9.13) by u which gives control of |u| and
||u||, and the control of ug then follows through the equation ug=f—u. In the
streamline diffusion method (9.28) the corresponding stability estimate,
obtained by taking v=ul and using Lemma 9.2, reads ||ul||g<C]||f|| or

[ub+[lu|+ VA [Jug]| < CJIf]].

This estimate is a weaker variant of the above estimate for the continuous
problem with less control of the streamline derivative. In the discrete case we
have no equation analogous to ug=f—u and hence control of HuBH does not
follow from control of ||uP||. Instead, in the streamline diffusion method,
partial control of HuﬁH is explicitly built in through the modified test function
v+hvg. Notice also that in the standard Galerkin method the stability estimate
reads Iuh|+HuhH<CHfH with no extra control of HuﬁH Here one can only
guarantee HuB|I<Ch Ylub||<Ch~1|f|| through an inverse estimate, cf
(7.47). O

9.7.2 The streamline diffusion method with ¢>0

Let us start from the stationary problem (9.12) with g=0 and h>&>0.
Multlplymg the equation —g Au+ug+u=f by the test function v+0dvg, where
veH}(Q), and integrating, we get

—&ed(Au,vg)+e(Vu,Vv)+(ug+u,v+dvg)=(f,v+0dvp),

where the term —&( Au, v) has been integrated by parts. Here d is a positive
parameter to be specified below. To formulate a discrete analogue of this
relation by replacing u by u he Vy, and restricting v to \o/h, we have to give a
suitable meaning to the term (Aub, vp), since this expression is not directly
well-defined for uP, ve Vh. The correct definition turns out to be simply the
following in this case:

(9.31) (Aub, vg)= = fAu vgdx,
KeT, K

ie, we just sum the integrals over the interior of each triangle K where AuP
and vg are well-defined. We now formulate the following streamline diffusion
method for (9.12): Find uPe V}, such that
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(9.32) g(Vuh, VV)——sf)(AuE, VB)+(uB+uh,V+6V5)=(f,v+ dvp)
Vve \olh,

where 8=Ch if e<h with C>0 sufficiently small (see Remark 9.4), and =0
if e=h. Clearly, this is a consistent formulation since (9.32) is satisfied with
up replaced by u as we noted above. The error estimate (9.30) and the
localization results for (9.28) can be extended to the method (9.32) with e<h.
To sum up, the method (9.32) is an answer to the problem of constructing
a higher-order accurate method for (9.12) with good stability properties (cf
Remark 9.6).

Remark 9.4 Let us give a proof of the basic stability estimate for (9.32) in
the case e€<h, which proves in particular that the presence of the term
—ed(AuPl, vg) does not degrade the extra stability introduced by the term
6(ug, vg) if tlge constant C is small enough. By the inverse estimate (7.51) we
have for ve Vy,

e(Av, vp)l< Sel| |2+ JedCPh 28 lvp 2
so that with B¢(. , .) denoting the bilinear form associated with (9.32).
Be(v, V)Z%&H Vv [2+ |[v][2+(1— %sé@h‘z) SIvgll2,  for veVy,.

Thus, if C is so small that
£5C2h~2=C2Cehh—2<C2C<1,
then

Be(v, V)B%(eH Vv|2+0lvgl P+ IV for veVp,
which proves the desired stability result. O

Remark 9.5 If {Ty} is not quasi-uniform or |B| is variable, then in (9.32) we
choose d=Chg/|B| on KeTy, if e<hk|B|, where hy is the diameter of K, and
=0 if 8?1‘11{“3’.

Remark 9.6 As noted above the streamline diffusion method will capture a
jump discontinuity of the exact solution in a thin numerical layer. However,
within this numerical layer the approximate solution may exhibit over- and
under-shoots (cf Fig 9.3). Recently, in [HFM] and [HM2], a modified
streamline diffusion method with improved shock-capturing properties (re-
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duced over- and under-shoots) was introduced. In this method the test
functions are modified as follows:

v+OB - Vv+dp - Vv,
where
B Vub
| Vulf?
ie B is the projection of f onto Vuh. Since B depends on the unknown discrete
solution uP, this leads to a non-linear method even though the underlying
problem is linear. Further, as above 8=O(h/|B|) and also §=0O(h/|B|). For
numerical results see Examples 9.2, 9.6 and 13.9. The problem of theoretically

explaining the improved shock-capturing of the modified method is con-
sidered in [Sz]. O

B= Vuh,

Remark 9.7 The streamline diffusion method for (9.12) and (9.13) is basically
obtained by multiplication with test functions of the form v+hvg where
veVy. This means that the test functions belong to a space which is different
from the space of trial functions Vi where the discrete solution uP is sought.
Such a method, where the test functions are different from the trial functions,
is sometimes called a Petrov-Galerkin method. Note that in a standard
Galerkin method the spaces of trial and test functions are the same (modulo
boundary conditions). O

Example 9.2. Consider the convection-diffusion problem

—eAu+p-Vu=0in Q,
u=gon [,
Ju

—=0onT
u 2,

where =103, B=(cos 10°, sin 10°), Q={xeR?: 0<x;<1} is the unit square,
I={xel: x=1} and I';=I'\I'; where T is the boundary of Q. Further, g=1
for 1/2<x;<1, x1=0, and g=0 if x<1/2 or x;=1. In Fig 9.7a we give the
approximate solution of this problem obtained using the streamline diffusion
method on the indicated mesh with 8=h and using piecewise linear basis
functions. In Fig 9.7b we give the corresponding result using a small amount
of shock-capturihg (6=0.15h). O

Problems

9.5 Formulate the streamline diffusion method for the one dimensional
problem (9.19) with e>0 as well as e=0. Determine the corresponding
difference schemes in the case of piecewise linear trial functions and
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a. Without shock-capturing

——

Fig 9.7 Solution graph and level curves for streamline diffusion method for problem
in Example 9.2 (a) without and (b) with shock-capturing

a uniform partition. Make a computational comparison with the
method (9.20) (cf Fig 9.6 where the thin curve gives the streamline
diffusion solution in the case €=0.01, h=1/11 and §=2h/3). O

9.6  Prove the error estimate (9.30) for the method (9.32) with e<h. O

9.7 Generalize the streamline diffusion method (9.32) to the variable
coefficient problem of Problem 9.4. Hint: Use e g the test function
v+ddiv(Bv). O
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9.8 The discontinuous Galerkin method

Galerkin methods using continuous trial functions will lead to globally coupled
systems of linear equations, ie, systems where a change in data at one node
will (at least in principle) affect the solution at all nodes. This is natural in
the elliptic problem (9.12) with €>0, but not so for the purely hyperbolic
problem (9.13) with €=0. In this latter case it would be more natural to be
able to solve the linear system by successive elimination starting at the inflow
boundary I'_.

We will now consider a finite element method for the reduced problem
(9.13) which permits such a solution procedure and which has stability and
convergence properties similar to that of the streamline diffusion method. This
method, the discontinuous Galerkin method, may be viewed as a general-
ization of the method with the same name in Chapter 8. It is based on using
the following finite element space:

Wh={vely(Q): v|[gxeP(K) VKeTy},

that is, the space of piecewise polyomials of degree r=0 with no continuity
requirements across interelement boundaries.

To define this method let us first introduce some notation. For KeTy we
split the boundary 9K of the triangle K into an inflow part SK_ and an outflow
part 0K defined by

oK _={xedK: n(x)- <0},
oK +={xedK: n(x) - =0},

where n(x) is the outward unit normal to K at xeK, (cf Fig 9.8).

Further, suppose S is a side common to two triangles K and K’ (cf Fig 9.8)
and consider a function ve W which may have a jump discontinuity across
S. We define the left and right hand limits v_ and v, by

Fig 9.8
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v-(x)= lirréiv(x+ sp),
vi(x)= lirré+v(x+ sp),

for xeS and we also define the jump [v] across S by
[V]=vi—v_.

The discontinuous Galerkin method for (9.13) can now be formulated as
seeking a function uPe Wy, according to the following rule: For KeTy, given
u® on 3K_ find uP=uh|g eP,(K) such that

(9.33) (uﬁ+u VK~ f u+v+ n-Bds=(fv)xk— [ulv, n-pds,
9K_

VveP(K),
where

W, V)K= | WV dx,ull= onI'_.
(W,v) é g

To see that this problem admits a unique solution, note that (9.33) is nothing
but the standard Galerkin method (9.22) with weakly imposed boundary
conditions in the case of just one element. Thus, if u" is given on 9K_ we
know that ul|g is uniquely determined by (9.33). Now we can start to deter-
mine u? on the triangles K with 9K _<T_ since then u =g is given. This will
then define uP on the triangles K next to I'—, and we may continue this process
until uP has been determined in the whole domain (cf Fig 9.9 where the order
in which uM may be calculated is indicated).

Fig 9.9
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To write (9.33) in more compact form suitable for analysis, note that (9.33)
can be written

Bx(uh,v)=(f,v)k VveP(K),

where
Bi(w,v)=(wp+w,v)k— f [wlvan-p ds.
9K _

The discontinuous Galerkin method can now be formulated: Find u?e Wy, such
that

(9.34) B(ul,v)=(f,v) VveWy,

where
B(w,v)= Z Bg(w,v),

KeT,

and uP=g on I'_. Clearly the exact solution u satisfies the equation
B(u,v)=(f,v), YveW} (note that [u]n-p=0), and thus we have the error
equation

(9.35) B(u—uh,v)=0 VveWh.

Before analyzing the method (9.34) in some detail let us consider the following
examples.

Example 9.3 Let us consider the one-dimensional analogue of (9.13), ie, the
problem

ux+u=f for 0<x<1,

u(0)=g.

Let O0=xo<x; . . . <xn=1 be a subdivision of I=(0, 1) into subintervals
I;=(xj, Xj+1). The method (9.33) reads in this case (cf. (8.36)): For j=0, 1,
... N—1, given u(x;)- find uP=u"|; eP,(T;) such that

J (uB+ulyv dx+(uh(x)+ —ub(x)_)v(xj)+= [fvdx  VveP(I),
I I

] ]

(9.36)

where v(x)+= lim v(x+y) and uP(x¢)_=g. In particular, for r=0 in which case
y— 0%

ubh is piecewise constant, we get the following method: Find Uj=uP(xj)- such
that
Uj+r1—Uj

+Ujs1=
hj j+1

Lofax  j=0,... N-1,
b i
Up=g,
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where hj=x;j+1—x;, which is a simple finite difference method for (9.36),
namely the upwind or backward Euler method. O

Example 9.4 Let us consider the method (9.33) in the case r=0 and to simplify
further, let us assume that f=0 and also that the u-term is not present so that
we simply have the problem ug=0 in €, u=g on I'-. The discontinuous
Galerkin method then reads: For KeTy, given u on 9K_ find the constant

Ug=u| such that
— [Ugn-Bds=— [uln-fds,
3K_ 3K_
ie
(9.37) Uk= [uln-Bds/ [ n-Pds.
3K _ 3K_
In other words, for each K the value Uk is obtained as a weighted average

of the values of u™ on adjoining elements with sides on 3K_. As an example,
using quadratic elements in the following configuration

and assuming that 3;>0, we find that

_ B B2
v 131+I32U1 +51+32U2’

where U;j=Ug . Again this corresponds to a simple difference scheme for the
equation ug=0 (in fact this is a usual upwind difference scheme for this
equation if we relate the value Uj to the midpoint of each K;). O

Let us now prove a stability inequality for the discontinuous Galerkin
method (9.34) using the norm | - |g defined by

1 1
\VI%=|IVH2+ =3 [ [vPn-Blds+ = [ v2n-p ds.
2 K 3k 2r,
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Lemma 9.3 For any piecewise smooth function v we have

1
B(v, v)=lv|[23—§rf vZ|n-p| ds.

Proof By Green’s formula

2(vg, VIk= [ vZn-Bds— [ vZ|n-p|ds,
3K, 3K

and thus

2B(v,v)= Z{ [ vin-Bds— [ vZ|n-B|ds
K oK, 3K _

+2 alf( (V4—v_)vi|n: Blds}+2||v|[%.

Since every side of 3K coincides with a side of 9K’ for an adjoining element
K’, except if 0K cI'4, and similarly with + and — reversed, we have

S [v2n-Bds=Z2 [ vZ|n-Blds
K 9K, K 3K_

+ [vZin-Bds— [ vZ|n-pBl|ds,
r, r_

and consequently

2B(v,v)= ={ [ (vZ-2v_vi+v2)|n-Blds}+
K JK._

+ [vZin-Bds— fvz_ln-ﬁlds+2llvl|2,
r r_

+

which proves the desired result. O

From Lemma 9.3 we obtain in the usual way existence and uniqueness of
a solution to the discontinuous Galerkin scheme (9.34), and it is also possible
to derive an error estimate which proves 0(h") convergence in the | - |g-norm.
However, this estimate is not the best possible. One can prove that if 8=Ch
for some suitable constant C, then for ve W,

(9.38) B(v,v+8vg)=C(||vl[§— [ vZ|n-B|ds),
Ir_

where

vl =IV|§+h§ vellg,  [Iwllk=(w,w)k.
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Using this improved stability, it is possible to prove the following error
estimate

939 llu—ubllp< Ch+ 12l ullo .

In the case r=0 we have ||v||g=|v|g for ve Wy, since here vg=0 on each K. Thus,
for r=0 the stability of Lemma 9.3 should be sufficient to obtain 0(hl/2)
convergence. Let us prove that this is in fact the case.

Theorem 9.3 There is a constant C such that if uP satisfies (9.34) with r=0
and u satisfies (9.13), then

1
lu—uf|g < Ch ?||ul];.

Proof Let i"e W}, be the interpolant of u defined by letting G"|x be the mean
value of u over K for each KeTp, and let us write as usual n"=u—aP. Applying
Lemma 9.3 with v=e=u—uP and noting that e_=0 on I'_, we get, using also
the error equation (9.35) with v=u,—1ay,

Ie|§ = B(e, €) = B(e, u—iM")+B(e, aP—uh)

=B(e, ") = = {(eg, "Mk~ [ [eln'in-B ds}+(e, nh).
K JK_

Now, eg=(u—uM)g=ug on each K since uP is piecewise constant, and thus by
Cauchy’s inequality

9.40)  Jelg=<lupll [In"[+llell [[n"]
+(Z [ [efn-Blds)?-(Z [ [n"PIn- Blds)'2.
K3oK_ K 3K_

Ju
b
i

It is easy to realize that if ue C1(Q) so that i=1, 2, is bounded on Q, then

Max [n"(x)|<Ch,
xeQ

and therefore, since the length of dK_ is O(h) and the number of elements
is 0(h=2), we have

S | m"?n-Blds< = Ch3<Ch.
K 3K_ K

Thus from (9.40) we conclude, hiding terms as usual on the left hand side,
that

le|§ < Cl|ug|[h+Ch2+Ch<Ch,
or
elg<Chl2,
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where the constant C depends on max {|D%(x)|: |a|=1, xeQ}. This proves
the desired error estimate, modulo the fact that we have used a somewhat
stronger norm on the exact solution u than stated in the theorem. It is in fact
easy to see that the norm ||ul; is sufficient and this is left to the interested
reader. (J

Remark 9.8 Suppose we stop the calculation of ud when uP has been
determined on a subset T}y, of Ty, e g on the triangles Ky, . . ., K1 in Fig 9.10,
and let Q' be the union of the triangles in Ty,. Then clearly the error estimate
(9.39) holds with Q replaced by Q'. In particular this means that we obtain
error estimates in the weighted Ly-norm

[vZin-Bds,
I,

extended over the outflow boundary I'} of each subdomain ', e g along the
line ABCD of Fig 9.10. O

We now turn to the time-dependent model problem (9.15) with =0, ie,
the problem

{

ugtug="£ in Q=JxI=(0, 1)x(0, T),
(9.41) u(x,0)=ug(x) for xel,
u(0,t)=g(t) for tel.

As already noted this problem has the same form as the stationary model
problem (9.13) with €¢=0. Thus, we can apply the discontinuous Galerkin
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method using a triangulation of Q=JXI, ie, a triangulation in space-time. It
is natural to consider a triangulation where the elements are organized in time
as in the following example (note that triangulations in adjoining strips do not
necessarily have to match):

t
7' 3
20
17
14
1
4 5 6 7
1 2 3
» X

Fig 9.11

It is then possible to compute the discrete solution uP successively on one strip
after another starting for each strip on the left and moving triangle by triangle
to the right (the order in which uP may be computed is indicated in Fig 9.11).

Conventional schemes for (9.41) are based on using separate discretizations
in space and time. First a semidiscrete problem (an initial value problem for
a linear system of ordinary differential equations) is obtained by discretizing
the space variable using finite elements or finite differences, and then a
difference method is used to discretize in time. However, for the problem
(9.41) there is really no reason to distinguish between x and t and it seems
most natural to use space-time elements.

To sum up, the discontinuous Galerkin method has theoretical stability and
convergence properties similar to those of the streamline diffusion method.
In practice it turns out that when applied to eg (9.41) the discontinuous
Galerkin method performs somewhat better than the streamline diffusion
method. In fact, already for k=1 the discontinuous Galerkin for (9.41)
performs remarkably well and we know of no (linear) finite difference method
that is better (cf Problems 9.12, 9.15 and Example 9.5 below).

Problems

9.8  Determine the difference scheme corresponding to the discontinuous
Galerkin method with k=1 for the one-dimensional problem of
Example 9.1.
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9.9

9.10

9.11

Evaluate Uk in (9.37) in the case of triangular elements in a general
configuration. Distinguish between the cases when oK _ consists of one
and two sides.

Let ub be the solution of the discontinous Galerkin method with k=1
for the problem

—=0 in Q, u=g onl'_,

on the following triangulation:

(0,2) (0,0) X1 (2,0

Suppose that u™ on 9K 1UBK 2 is given by

u}_‘(xl, 0)=a1+[31x1, —2<x1<0,

(9.42) ull(xl, 0)=0a2+B2x1, 0<x;<2.

Determine u® on 3K*, ie, assuming that ull(xl,l):64+[34x1 for
—1<xy<1, determine o4 and PB4 in terms of ay, B1, a; and f3,. Hint:

h
Prove first that ZL=0 on K! and K? and then prove that
X2

1 1
[ul(xi,1)v dx; = [ul(x1,0)v dxq for v=1, xq,
=1 =1

ie prove thatu tl(xl, 1), —1<x,<1, is the L,-projection onto the space
of linear functions on (—1, 1) of the piecewise linear function
ul(x;, 0) given by (9.42) for —1<x;<1.

Extend the analysis of the previous problem to the more general
equation ug=0 with  chosen so that the inflow boundary
I'_=9K » UK 2. Based on this analysis make an interpretation of the
discontinuous Galerkin method for the problem ug=0 as a method
composed of two steps: exact transport and projection.
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9.12

Consider the discontinuous Galerkin method with k=1 for the
problem

du cu

— + vy =— =0, X, t)eRXR*,

at ! ax 1

u(x, 0)=g(x), XeR,

with 0<y<1. Use a uniform triangulation of RXR™* of the form:

f(T;Y)

Fig 9.12

9.13
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tn
t
[ tn-1
Xi
X
where x;=ih, t,=nh, i=0, £1, £2, ..., n=0, £1, £2, ... . Suppose

we represent the discrete solution u (. , t,) on the interval (Xi—1, Xi)
as

url(x, tn)=U'i‘+ll—1 (x—x}) Vi, xe(xi-1, Xi),

where x{=x;— 151 Prove, using eg the result of Problem 9.11, that

the discontinuous Galerkin method in this case is equivalent to the
following explicit difference scheme:

Ui 1y Uit
=(1-7) 2
Vi 6v  1-2y-2y* | [ V]!
1 -
1 Sa-y) | U
+v >
—6(1—y) —3+6y—2y* | | Vi

connecting the values of the vector (U, V) associated with the
O-marked points in Fig 9.12.

Prove (9.38) and (9.39).



9.9 The streamline diffusion method for time-
dependent convection-diffusion problems

Let us now consider the time-dependent model problem (9.14) with £>0, ie
the problem

Ui+ uy— €Uy, =f in Q=JxI,
(9.43) u(x, 0)=up(x) x€J,
u(x, t)=0 x=0, 1, tel,

where for simplicity we consider the case of zero boundary data. With ¢>0
we cannot apply the discontinuous Galerkin method of the previous section
to this problem; to handle the diffusion term —guyy, the trial functions should
be continuous in the space variable. On the other hand, to be able to compute
the discrete solution successively on one time level after the other, it is natural,
if we insist on using space-time elements, to use trial functions which are
discontinuous in time. Thus, we are led to consider a method where the trial
functions are continuous in space and discontinuous in time based on a
triangulation of space-time with the elements organized in strips in time e g
as in Fig 9.11 or 9.13.

To define such a method let 0=ty<t;<. . .<tn=T be a subdivision of the
time interval I=(0, T) and introduce the strips S, defined by

Sp={(x, t): 0<x<1, t,—1<t<tn},

for n=1, . . ., N. Further, for each n let V" be a finite element subspace of
HI(S,), based on a triangulation of the strip S, with elements of size h>e¢,
and let VP= {veV™: v(x, t)=0for x=0, 1}. (Notice that it is not necessary that
triangulations of different strips “fit”” across the discrete time levels, cf Fig
9.13).

t

4

n+1
sn{

Fig 9.13
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If we now apply the streamline diffusion method (9.32) successively on each
strip Sy to the problem (9.43), imposing the initial value at t=t,_; weakly and
the boundary conditions strongly, we obtain the following method: For n=1,
.. ., N, find u”e V" such that

(u?+ul, v+8(vi+vy))"+<ul, vo>n-l
(9.44) +e(ul, vx)"—ed(ugy, Vitvy)"
=(f, v+ (vi+vy))"+<u n-l y,>n-1 VVG\Oln,

where 8=Ch with C sufficiently small for e<h, =0 for £=h,
1
(w, v)i= [ wv dxdt, <w, v>"= [w(X, ty)v(x, t;)dx,
S, 0

vi(x, t)= lim v(x, t+s), v_(x,t)= lim v(x, t+s),

s— 0+ s— 0~

n

and u® =ug=initial data, and ed(u”_,

to (9.31).

For each n (9.44) is equivalent to a linear system of equations and thus we
have an implicit scheme (cf Problem 9.14). Further, since the space Vo is
independently defined on each strip with no continuity requirements from one
strip to the other, the solution u™ will in general have jumps across the discrete
time levels t,. In the case e=h and a suitably chosen triangulation of (0, 1)x (0,
T) the method (9.44) would coincide with the discontinuous Galerkin method
for parabolic problems presented in Section 8.4.

vi+vyx)" is defined in a way analogous

Problems
9.14 Consider the streamline diffusion method (9.44) with ¢=0 and
J=(—o, ) on a regular space-time triangulation of the type

t
4

AX
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9.15

Show that the method in this case is equivalent to the difference

scheme:
1 1. _ 23 101 49
+ 20+ 42 UM 4| oAl-= - o= ——XZ)U"“
4 39 6 18 36 36 -1
4 21424 84 3y UMt + Ly é—ﬂk—z—skz)mﬁl
3 4 18 2 6 6 36 36 )
1 2 1 1 2
+| 2 +En+222 U““—( ZN14 2 +—)\)U
9 9 9 ) 2716 9 36 i-1
2, _1.3 1 1.1 1 5 1
+ A2+ A UM+ | A== = = + —A|U"
3 4 12 i"\e 3 12) 1 36 36 ) i+2

where A= At/Ax and Ul*!=u(jh, (n+1)k)-_.

Compare computationally the discontinuous Galerkin and the stream-

line diffusion method for the problem (9.41
triangulation of Problem 9.14. Consider the
example:

(i) u is smooth,

) with the uniform
following cases for

(ii) u is piecewise smooth with a jump discontinuity,

(iii) ug is a delta function, g=0.

In the same cases also make a computational comparison with the

following difference methods:

Ultl=(1-MUT+AUT -, (upwind
method)
A A L A2 (Lax-
Untl= Ul + (1-A) U - ( )U‘-'
J 2ty ) Uit (1749 2 2] ! wendroff)

(1-M) UM +(1+1) UM =140 UL +(1-1) U} (box scheme)

A3 1 A A2 W
Vj: —é-U;]_z"l‘ 8 +§ + 7 3 ) ]_1 ‘
2 ., N 1 A N2 W
g—}u +7 U]p+ 6—5'4‘7_? ?+1 (Shasta)
U}]+1=VJ‘— l(VJ'+1—2VJ'~|'-VJ‘—1) J
UM l=Up =AU, + AU (leap-frog)
At

where Uj approximates u(jAx, n/At) and A=—.

X
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Example 9.5 In Fig 9.14 below we give the results after 49 time steps obtained
by applying the discontinuous Galerkin method of Problem 9.12 and the
difference methods of Problem 9.15 to (9.41) with A=0.56 and a step function
as initial data.

Upwind Shasta Box scheme

L,

V VA
Lex-Wendroff Disc. Galerkin Leap frog

AN

N
4 \Vj V
\ 1 STEP 49

Fig 9.14 Comparison of the discontinuous Galerkin method and some difference
schemes for a convection problem

Example 9.6 Consider the convection problem in two space dimensions
E;—u+[3- V=0 for xeQ, t>0,
t

u(x,0)=up(x) for xeQ2,
where Q=(—1,1)x(—1,1) and B is the velocity field
B(x)=r(—sin 6, cos 0), x=r(cos 0, sin 0),

corresponding to a clockwise rotation around the origin. In Fig 9.15a, b we
give the initial condition uy and the corresponding approximate solution
ub(-,t) after rotation 360° obtained by the direct extension of the streamline
diffusion method of Section 9.9. In Fig 9.16a, b we give the initial condition
up and the corresponding approximate solution after rotation 90° obtained by
the streamline diffusion method with a certain amount of shock-capturing.
Note that in this experiment the space-time finite element mesh was adaptively
modified automatically in each time step using the technique indicated in
Section 4.6. The time step was chosen to be qual to the minimal space step
on each computational ‘slab’ S,=Q X1, Iy=(ta-1, ty). O
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a. Graph and level curves for initial condi- b. Same as in a. for finite element solution
tion together with initial mesh. after rotation 360°.

Fig 9.15 Streamline diffusion method without shock-capturing for convection problem
with fairly smooth initial condition
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p

/

D

a. Graph of initial condition and initial mesh. b. Graph and level curves of finite element solL
tion together with mesh after rotation 90°.

Fig 9.16 Streamline diffusion method with shock-capturing for convection problem
with non-smooth initial conition
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9.10 Friedrichs’ systems
9.10.1 The continuous problem

In this section we will briefly indicate how to extend the streamline diffusion
and the discontinuous Galerkin methods to the case of linear first order
hyperbolic systems of the form (9.8), or Friedrichs’ systems (cf [Le]). We then
consider first the following problem in a domain Q<=RY with boundary T

d Ju
(9.45a) Lu = '2 A 3%

i=1
(9.45b) (M—-D)u=0 on T,

+Ku=F in Q,

*
Here the A;, K and M are given mXm matrices depending on x, u is an
m-vector and

D=

i

njA;,

L

where (ny, . . ., ng) is the outward unit normal to I'. We assume that the

matrices A; are symmetric (with real elements) and that

(9.46a) M+M*=0 on T,

d 3A. —

(9.46b) K+K*— = OAi S o1 in Q,
i=1 9x;

(9.46¢) Ker (D-M)+Ker (D+M)=R™ on T,

where o is a nonnegative constant, E* denotes the transpose of a matrix E
and I is the identity matrix. For matrices E and F we have written E=F to
mean that E-F is positive semi-definite, and Ker E={EeR™: EE=0}. Under
the conditions (9.46) (with 6>0) and some smoothness assumptions one can
prove that if Fe[Ly(€2)]™, then (9.45) admits a unique solution, (see [F]).

Many problems in mechanics and physics can be written in the form (9.45).
Let us here mention only two special cases.

Example 9.7 The reduced problem (9.13) has the form (9.45) with m=1,
A;=Bi, K=1, D=f-nand M=|D|. O

Example 9.8 The initial-boundary value problem for the wave equation

w9t _

9.47a —=f 0<x1<1, xp/<1,
o T5-2 o



(9.47b) w(xy, —1)=w(x, 1)=0 0<xi<1,
9.47¢)  w(0, xz)=%‘i 0, x)=0  [|xg|<1,
X1

where x; is a time variable, can be written in the form (9.45) with

Q=(0,1)x(~1, 1), u=(uy, up), u1=§—:(~1—, uF%, F=(f, 0) and
RS KR
M=(1J (1) for x;=0 or x;=1,
M=:_f (1)] for x,=—1, M=[f _é for x,=1.

Note that the boundary conditions (9.47b) translate into the conditions

u= g—w:O for |x;|=1, 0<x;y<1, which correspond to the conditions
X1

2 0
+2 0

Ui

(M-=D)u= =0 for x;=%1, O<x;<1. O

uz

Let us now generalize the standard Galerkin method, the streamline
diffusion method and the discontinuous Galerkin method to the Friedrichs’
system (9.45). We will use the following notation

(v, w)=Jv-w dx, ||[v]|=(v, V)17,
Q
<v, w>=[v-wds, [v|=<v, v>12
T

By Green’s formula we have

(Lv, w)=<Dv, w>+(v, L*W),
where |
3 4 2A;

A >
1 Jx; i=109x;

I Ma

L*=—

+ K*,
i

so that in particular,

(9.48)  (Lv, v)= %((L+L*)v, V) + % <Dv, v>,
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where by (9.46b),
L+L* = ol

We also introduce the spaces Vy=[Vy]™ and Wp=[Wp]™ with V, and Wy,
defined in Sections 9.4 and 9.8 above. We can now formulate our methods
for (9.45). For the error estimates we also assume that M+M*=cl or I for
some c>0 (cf [JNP]).

9.10.2 The standard Galerkin method

Find uPeV}, such that
(Lub, Vj+% <(M-D)ul, v>=(F,v)  VveV.

Choosing here v=uP and using Green’s formula (9.48) we obtain (with 6>0)
the stability estimate ||uP||+|uP|<C]||F||, from which error estimates of the
form |Ju—ub||<Ch'||u||;+1 can be derived in the usual way.

9.10.3 The streamline diffusion method

Find uPeV}, such that
(9.49)  (Lub, v+hL0v)+% <(M=D)ub, v>=(F, v+hLov)  VveV,

where

d o
Lo= 3 Ai—.
i=1 9K

Again choosing v=uP, we obtain (for h sufficiently small) the stability estimate
(with again 6>0)

V h||Lou?|[+][ul||+<Mul, uP>12<C||F||,

from which we obtain the error estimate |ju—uy|| < Ch'+12||u||;41, arguing as
in the proof of Theorem 9.2.

9.10.4 The discontinuous Galerkin method
To formulate this method we need additional notation. For KeT}, we write

(v, Wk=[v-wdx, <v, w>=[ vw ds,
K 3K
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[VV]==\Vi“t—-\VeXt,

witt(x)=lim w(y), w=lim w(y), xe3K,

— X —> X
yeK YeK
d K
DK= 2 Aini s
i=1

where nK= (niK) is the outward unit normal to K, and where we set we*'(x)=0
for xeI'. Further, for each KeT},, we introduce matrices Mk defined on oK
and satisfying, for K, K' €Ty,

Mg=My’ on JKN3K’,
Mg+Mg=0 on 3K, Mgk=M on I.

Here a possible choice on interior edges is Mg=AI with A>0.
The discontinuous Galerkin method for (9.45) can now be formulated: Find
ubeWy, such that

(9.50) » {(Luh,v)K+%<(MK—DK)[uh], v>r}=(F,v),  VveWs.
K
For this method we again have error estimates of the form

1
lu—uh||<Ch" 2,

Note that in the scalar case with m=1, choosing Mg =|f - n¥| in (9.50), where
B=(Bi), Bi=Ai, gives the discontinuous Galerkin method (9.34).

The formulation (9.45) also includes time-dependent problems if we
consider x; to be a time variable and choose e g A1=1, Q=(0, T) X Q' and M=1
for x;=0, T. In this case we should modify the streamline diffusion method
(9.49) following the pattern of Section 9.9. On the other hand, the discon-
tinuous Galerkin (9.50) directly applies also to the time-dependent case, cf
the following example:

Example 9.9 Let us again consider the one-dimensional wave equation (9.47)
written on system form according to Example 9.8, with now f=0 and non-zero
initial conditions for x;=0:

9.51a) L4aU_g xal<1, 0<x;<1,
ox1 £)9)

(9.51b)  (M=D)u=0 xo=+1, 0<x;<l,

(9.51c)  u(0, x2)=u’(0, x,) Ix;|<1,

208



where

0 -1
A_l—l OI’M_

Changing dependent variables through the orthogonal transformation

1 |1 -1
=Su, S=—— ,
? V 2[ 1 ll
u=S*p,

2 F1
+1 0

for X2=i1.

we can write (9.51) as

9.52a) 224A%%_¢

X1 ox2
(9.52b) (M-D)g=0 x=*1, 0<x;<l1,
(9.52c¢) (0, x2)=¢%0, x3) x| <1,

where

A ¥ e 1 0 ’
w1 1]

M—IﬁESMS*—SDS*=[3 3] for x,=—1,
N 00
M——D—[ ) 2] for xo=1.

Note that (9.52a) is an uncoupled system of two scalar advection equations,
and that the coupling in (9.52) only occurs through the boundary conditions.

Suppose we now apply the discontinuous Galekin method to (9.52) with
Mg =Mk given, on interior edges, by

o Inlf+n12(| 0 _ m¥ 0
G59 Me=| nk-nfl Lo m§

We then obtain a discrete analogue of (9.52) consisting of two discontinuous
Galerkin discretizations of scalar advection problems which are coupled only
through the boundary conditions (9.52b). Alternatively we may consider a
direct application of the discontinuous Galerkin method to the coupled
problem (9.51) with the Mk given by

m2K+mIf mlf—mlf

mzK—mIf m12(+m11(

’

MK=S*MKS=
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with the notation of (9.53). In fact these two approaches are equivalent and
would produce the same numerical results since if v=S*y, we have

(Au, vV)k=(AS*p, S*Y)x=(SAS*¢, Y)k=(A¢, Y)k,

and corresponding relations hold for the remaining terms. Thus, we conclude
that the discontinuous Galerkin method applied to the coupled problem (9.51)
with proper choice of the M ‘‘automatically diagonalizes” the system (9.51a).
The same holds for the streamline diffusion method. This is of interest e g
when analyzing the nature of propagation of effects in the discrete analogues
of the coupled problem (9.51). O

Remark 9.9 The streamline diffusion method for stationary problems was
introduced in [HB1], [HB2]. The mathematical analysis of the method was
started in [JN] and was continued, with extensions to time-dependent
problems, in [J2], [Na], [JNP]. The method has also recently been extended
with good results to incompressible and compressible flow problems, see
[BH], [HFM], [HMM], [HM1], [HM2], [JSa], [J4], [JSz1], [JSz2], [Sz], and
Chapter 13. For combinations of finite element methods and methods of
characteristics, see [DR], [M], [BPHL]. The discontinuous Galerkin method
was first analyzed in [LRa], see also [JP2]. O

Problems

9.16 Apply the discontinuous Galerkin method to (9.51) or (9.52) to
compute approximate solutions of the wave equation (9.47). Test the
performance of the method with different degrees of regularity of
initial data as e g in Problem 9.15. Also compare with the results of
other methods for the wave equation such as e g those presented in
Section 9.11 below.

9.17 Prove error estimates for the standard Galerkin and the streamline
diffusion methods for (9.45) with >0 and M+M*=cI, ¢>0.

9.11 Second order hyperbolic problems

Previously we have considered first order hyperbolic problems. We now turn
to second order problems. A typical example is the wave equation:

(9.54a) i— Au=f in QxI,
(9.54b) u=0 on I'xI,
(9.54¢) u(x, 0)=up(x), u(x, 0)=uy(x), for xeQ,
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2
where Q is a bounded domain in R? with boundary I'=(0, T), ii= %{% and

u= 2—“ . This equation models e g a vibrating membrane with given deflection
t

up and initial velocity u;. Following Example 9.8 it is possible to rewrite (9.54)
as a first order hyperbolic system and in principle we may then apply the
methods of the previous section. However, with this approach we introduce
new unknowns which result in an increase in the number of variables in the
discrete problems. Thus, there are good reasons to try to keep the formulation
(9.54) involving second derivatives and a scalar unknown. However, with this
formulation it does not seem to be known how to construct methods combining
good stability with high accuracy. In particular, we cannot extend the
streamline diffusion and discontinuous Galerkin methods to the wave
equation (9.54) because of the presence of second order differential operators.
Anyway let us here describe some methods for (9.54) that are currently used.
The wave equation (9.54) can be given the following variational formulation
using the notation of Section 8.2: Find u(t)eV=H}(Q), such that for tel,

(9.55a) (G(t), v)+ a(u(t), v)=(f(t), v) VveV,

(9.55b)  u(0)=up, u(0)=u;.

The basic energy estimate for (9.55) is obtained by choosing v=1u in (9.55a)
which gives with f=0 for simplicity,

L LalP+3 SITuIP=0, el

so that

(9.56) [[u(t)][2+]| Vu(t)||?=constant=||u;||2+|| Vugl|?,  tel.

This equation expresses the fact that the total energy of the system (9.54) is
conserved if the applied force £=0.

For the numerical solution of (9.55) suppose the finite element space
VheH{(Q) is given, and let us first formulate the following semi discrete

analogue: Find uP(t)eV such that for te(0, T)

(iP(t), v)+a(ul(t), v)=(f(t), v)  VveVy,
(9.57) |

uP(0)=ugp, u(0)=uy,

where ugh, ujph€Vy are approximations of the initial data up and u;. This
problem is equivalent to the following system of ordinary differential
equations (using the notation of Section 8.2): Find &(t)eR™ such that
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BE+AE=F, tel,
E(0)=0, E(0)=64,

where 0y and 04 are the coordinates of ug, and u;p with respect to the basis
{@1, . . ., oM} of Vy. Clearly (9.57) satisfies an energy conservation relation
analogous to (9.56).

It now remains to discretize the second order system of ordinary differential
equations (9.58) with respect to the time variable. To this end it is convenient
to rewrite this system as follows:

Bn+AE=F, tel,

(9.58)

(9.59) E—n=0, tel,
£(0)=60, n(0)=6:.
Now, let 0<tp<ty, . . ., <tn=T be a subdivision of I with time steps

kn=th—tn—1. We may consider the following class of time discretization
methods for (9.59) (with F=0 for simplicity): Find (€", n®)eRMxRM, n=0,
. ., such that for n=1, 2, . . . N,

+1__
B (U-"—k—ln) +AAETH 4 (1—a)AEN=0,

n

§n+1_§n
(9.60) —k——(yn“+1+(1—y)n“)=0, n=1, 2, ...,
n

=00, n’=0y,
where 0 <a, y=<1 are parameters. This method is unconditionally stable for

a, y?%and second order accurate if (a, y)=( % , %) , for example. With (a, )
=(0, 1) and a uniform subdivision in time, the scheme coincides with a
well-known explicit second order centered scheme with no artificial viscosity.
This particular scheme performs very well if the exact solution is smooth but
not so if, for example, the initial data up has a jump discontinuity, in which
case severe spurious oscillations occur. With (a, v)=(1, 1) we get a first order
accurate implicit method with better stability properties but with heavy
artificial viscosity. For a scheme similar to (9.60) which has been used
extensively in applications, see Problem 9.19.
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Problems

9.19

9.20

9.21

(9.61)

Prove a stability estimate for (9.60) in the case% so=sl, L< y=<1.

2
Hint: Multiply the equations by (E"*1—E") and B(n"*!1—n"), respec-
tively.

A class of time discretization methods for (9.59) well-known in the
engineering literature is given by the so-called Newmark method (with

F=0),
BE"1=BEM kB —k? (BAE" 1+ (5~ B) ALY,
Bn™+1=Bn"—kn(YAE™ ! +(1-v)AE"),
where B and y are parameters satisfying Osﬁs%, 0=<y=1. Prove that
this method is unconditionally stable for 2[32\/2%. Note that with =0

and y=% and a uniform subdivision, we retrieve the centered scheme
obtained by taking (a, v)=(0, 1) in (9.60).

Write the wave equation (9.54) as a first order Friedrichs’ systems (cf
Example 9.8).

Consider the method (9.60) with (a, y)=(0, 1) and ky=k, n=1, 2, .
. ., N, or equivalently the following centered scheme for (9.57): Find
Uum, n=0,1, 2, . .., N such that for n=1, . . ., N—1,

k_lz (UnH1-2Un+ UL v)+a(Un, v)=((t,), v) VVEVy,

U0=u0h, U1=U0+ku1h.
Prove that this scheme is conditionally stable under the condition
k=<Ch with Csufficiently small. Hint: Rewrite (9.61) using the notation
Wi=(Un—U""1)/k and take v=(W2+14+Wn)/k to give

[Wn+1, Wn+1]+%HVUn+1H2=[Wn, Wn]+%HVUn”2,

where

k2
[w, w]=(w, w)— Ta(w, w), (W, W)=HW”2=HWH%2(Q)-

213



10. Boundary element methods

10.1 Introduction

In this chapter we consider finite element methods or BEM, boundary element
methods, for some integral equations arising in connection with certain elliptic
boundary value problems in mechanics and physics (the presentation is based
on [N], cf also [W]). As an example of such a problem let us consider the
following exterior Dirichlet problem:

(10.1a) Au=0 in Q',
(10.1b)  u=uygon T, u(x)—0 as |x| - =,
where Q is a bounded simply connected open set in R3 with smooth boundary

', Q'=R3\Q is the complement of Q=QUT (see Fig 10.1). Furtherai denotes
n
differentiation in the direction n, where n=n(x) is the outward unit normal

to I at xeI'. This notation will be kept throughout this chapter.

"N

Fig 10.1

214



Problems of this type occur in fluid mechanics and acoustic scattering, for
instance. In the latter case the equation Au=0 is replaced by Au+w?u=0
where ® is a given frequency. Instead of (10.1a) one may also consider
homogeneous, constant coefficient elasticity or Maxwell equations corre-
sponding to elastic or electromagnetic scattering.

Since the domain Q' is unbounded, we cannot triangulate Q' using a finite
number of triangles, and thus we cannot apply the finite element method
directly to this problem. To get a finite number of elements the first idea is
simply to replace Q' by the bounded domain Qp={xeQ’: |x|<b} for some
suitably large b and use the approximate boundary condition u(x)=0 for
|x|=b. To get reasonable accuracy one may have to choose b quite large, and
then this procedure may be too costly.

As we will see below, since the differential equation (10.1a) is homogeneous
it is possible to reformulate the problem (10.1) as an integral equation on the
closed and bounded surface I'. Applying a standard Galerkin or finite element
method to solve this integral equation numerically, we obtain a boundary
element method.

We will meet below integral equations of the following types (named after
the Swedish mathematician Ivar Fredholm 1866-1927).

Fredholm equation of the first kind: Givenf: I — R and the kernel k: I'XI'— R
find q: I'> R such that

(102)  JkxyaWdv)=ix),  xel.

Fredholm equation of the second kind: Given f: ' - R and k: 'xI'— R find
q: I'> R such that

(10.3) Q(X)+£k(x, ya(y)dv(y)=f(x),  xeT.

Here dy is the element of surface area on I' and dy(y) indicates integration
with respect to the variable y. The kernels k(x,y) that we will meet, will be
weakly singular; more precisely we will have

(10.4)  k(x,y)=SEY) x#y,

x—y]|

where c(x,y) is a bounded function of x and y. Recall that a singular kernel
in two dimensions (I is two-dimensional) behaves like |[x—y|™2 as x—y. In
particular, a weakly singular kernel satisfying (10.4) is integrable, ie,

! k(x,y)|dy(y)<ce, xeT.
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If we introduce the notation

(10.5) Kq(x)=[k(x,y)q(y)dy(y), xel.
r

then we may say that K is an integral operator; given a function q defined on
I', a new function Kq is defined on I" by (10.5). With this notation the problems
(10.2) and (10.3) can be formulated as

(10.6) Kq=f (Fredholm first kind),
(10.7) (I+K)q=f (Fredholm second kind),

where I is the identity. In the applications below, the kernel k in (10.6) will
be symmetric, ie, k(x,y)=k(y,x), x, yeI', while the kernel k in (10.7) will be
non-symmetric.

10.2 Some integral equations

Let us now briefly recall some of the integral equations that arise in connection
with various boundary value problems for the Laplace equation. Let us then
start by recalling that the fundamental solution for the Laplace operator in
three dimensions is given by the function

1

E(X)-:_ F’x’

By this we mean that

I E() A0(x)dx=0(0),
for all smooth functions ¢ in R3 vanishing outside a bounded set. In other
words,

AE=9,

where 8 is the delta function at O (cf Problem 10.2). In particular, we have
that AE(x)=0 for x#0. Next, let us recall the following representation
formula:

Theorem 10.1 If u is smooth in Q and Q' and
(10.8a) Au=0 in Q and Q’,
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(10.86)  u(x)=0(Ix|"1), | Vu(x)|=0(|x|2) as [x| - =,

then

4::{ ! [ an dv(y)=J[u] ainy( ﬁ) dv(y)}

x— yl
(10.9) u(x) if x¢I',
w if xeT,

where for xeI" (i=interior, e=exterior),

- du dul  Que
—ui—pe | 92| = &2 _ oY
[u]=v'~us, dn on on’
ui(x)= lim u(y), u®(x)= lim u(y),
y— X y—X
yeQ yeQ'’

a_ui(x)= lim u(x+sn)—u(x), Ju® (x)= lim u(x+sn)—u(x),

on S—0- S on s— 0+ S

and %— indicates differentiation in the direction n(y).
n
y

Proof First let x be a given fixed point in Q and define (cf Fig 10.2)
Q.={yeQ: ly—x|>¢},
Se={yeR> |y—x|=¢},

where ¢ is so small that S;cQ.

Fig 10.2
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Applying Green’s formula on Q¢ to the two functions u(y) and v(y) =m
TX—y
which satisfy Au=Av=0 in Q¢, we get

(10.10) 0= [ u Avdy— [ v Audy= [ uiXdy— [ v dy
Q, Q, r on r ©on

where on S¢ the normal n is directed outwards (see Fig 10.2). Since u is smooth

in € so that %1 is bounded close to xeQ2, and since the area of S; is equal to
n

4me?, we have

(10.11) ‘ J va—udy‘ SCde—(Y)= Ce— 0 as e— 0.
on s, 47[x—y]|

€

Further, for yeS;

PR B
an 4m|x—y|?

and thus
] uézdy=—-——l-— fudy— —u(x) as e—0.
S. on 4me? S,

Hence, letting e— 0 in (10.10) we find, using similar arguments for xeT" and
xeQ', that

u(x) xeQ,

1 [ u 1 L8 (1 11 i «
(10.12) a{{g,x_y,dv(ywu any(|x_y;)dY(Y)} L i) xeT,

0 xeQ'.

A corresponding result can be obtained by applying Green’s formula on the
exterior truncated domain Qp={yeQ’: |y|<b} and then letting b— = using
(10.8b). Together with (10.12) this yields the desired representation. [J

Remark The kernel 1 is said to be a single layer potential and —i(L)
[x—yl dny \[x—y|
a double layer potential. U

Let us now derive the integral equations that we want to study.
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10.2.1 An integral equation for an exterior Dirichlet problem
using a single layer potential

Let us consider the following exterior Dirichlet problem:
Au=0 in Q’,
(10.13) u=ug onT,
u(x)=0(|x|~1), | Vux)|=0(|x|7?), as [x| - e.

One can show that if ug is sufficiently regular (more precisely, if ug is the
restriction to I" of some function we H!(R3)), then this problem has a unique
solution u. We can extend this solution to the interior of €2 by letting u satisfy

Au=0 in Q,

(10.14)
u=um on .

We know that under the condition on ug just stated, this problem also admits
a unique solution.
By the representation formula (10.9) we now have since [u]=0 on I':

(1015)  u@= g f| S Eodvy)  xel,
and since (ui+ue)/2=u0 onT,
uo(x)— — f[ ——dy(y), xel.
x—yl

Thus, writing

du
10.16 =| —
(10.16)  q [an]’

we are led to the following integral equation: Given ug find q such that

(10.17) f q(y})}| dy(y)=ug(x), xel.

This is a Fredholm integral equation of the first kind with weakly singular
kernel. Clearly the kernel is symmetric. One can show that for a large class
of functions ug, (10.17) admits a unique solution q. More precisely one can
show that if upe HS(T'), then there exists a unique qe HS~1(T) satisfying (10.17).
Here and below HS(I') denotes the Sobolev space of functions defined on I’

g_“] determined from (10.17),
n

we obtain the solution u of (10.13) (and (10.14)) by the formula (10.15).
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Another way of obtaining the integral equation (10.17) is to start out by
seeking a solution of the exterior Dirichlet problem (10.13) of the form

(10.18)  u(= - f 9Y)_gy(y), xeQ'.
r[x—yl
Since Ax( ﬁ) =0 for x#y, where /Ay indicates that the derivatives are
Xx-y

taken with respect to the variable x, it is clear that a function u given by (10.18)
satisfies Au=01in Q'. Now letting x— I'" and using the fact that the right hand
side of (10.18) is a continuous function of x, we obtain the integral equation
(10.17) for the unknown density q.

Remark The function u defined by (10.18) for xeR? may be interpreted for
instance as the electric potential given by a distribution of electric charges on
I" with density q, or the temperature given by heat sources on I' with intensity
q- 4

10.2.2 An exterior Dirichlet problem with double layer potential

When considering the exterior Dirichlet problem (10.13) let us replace (10.14)
with the following interior Neumann problem:

Au=0 in Q,
(10.19)

ou =£—g onl,

on On

[

where g=§i. We recall that a necessary condition for (10.19) to have a
n ‘

solution is that

(10.20) fgdy f—dy 0,

and further, a solution of (10.19) is unique only up to a constant (if u is a

solution of (10.19), so is u+c for any constant ¢). Since

gl—l] =( in this case,
n
the representation formula (10.9) gives

IRV NS TN
R U P G} L) X,
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so that

()= PO | () i)

II
() I-e

J dvy). xeT,

4i { w(y)—(

x—y|
where

=[u]=u'—u®.

Thus, since u®(x)=ug(x) for xeI', we are led to the following Fredholm integral
equation of the second kind:

(10.21) %ﬁhﬁg % (y) ainy( ) dv(s)==u(x), xeT.

1
=yl
By the representation (10.9) we also have for x¢T,

S WP
102)  w(== T o) | ) v

Note that the right hand side of (10.22) is not a continuous function of x; this
function has a jump equal to ¢=[u] across T

To see that (10.21) is an integral equation with a weakly singular kernel of
the form (10.4), we observe that for x, yel', x#y,

1( ;) __ n(y)- (x=y)

any\ [x—y| [x—yI

Now, if T is smooth, then n(y) is almost orthogonal to (x—y) for x close to
y (see Fig 10.3). More precisely, since I' is smooth it is easy to show that

n(y) - (x—y)=[|x—yl%c(x, y),

where c(x, y) is bounded function, and thus the kernel in (10.21) satisfies
(10.4).

Fig 10.3



One can show that if again ug is the restriction to I" of some function we HI(R?)
and (10.20) holds, then (10.21) admits a solution ¢ which is unique up to a
constant.

Problems
10.1 Prove that
r—1, xe€2,
1.9 1 1
d =] —= r
4%{‘8[1)1( |x— yl) ()= » X
K 0, xeQ'.

What can be said about the uniqueness of a solution of (10.21)? O
10.2 Prove using the technique of the proof of Theorem 10.1 that
E(x)=-

’ | is a fundamental solution for the Laplace operator in R3.
47t|x

10.2.3 An exterior Neumann problem with single layer potential

Let us now consider the exterior Neumann problem

(10.232)  Au=0 in Q'
(10.23b) gll: on T,
n

(10.23¢)  u(x)=0(|]x|™1), | Vu(x)|=0(|x|72) as |x| — .

One can show that if g is sufficiently smooth (more precisely, if g=gl for
n

some function weHI(R?3)), then (10.23) admits a unique solution (note that
for this exterior problem to have a solution it is not necessary that g satisfies
(10.20)). With (10.23) we associate the interior Dirichlet problem:

Au=0 in Q,
(10.24)
u=u¢ onl.

Since then [u]=0, we have by the representation formula (10.9)

(10.25)  u®x)= f ’q(Y), dy(y), xeR3,
X-y
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where q=[ gll] . Now, it can be shown that if u is given by (10.25), then for
n

xel,

= w=-30+ L rq) = (e ).

and using (10.23b) we are thus led to the integral equation

1
(10.26) —q(X)— ——fq( )—( )dv(y)——g(X) xeTl.
ony \ [x—y]|
This is again a Fredholm equation of the second kind with non-symmetric
weakly singular kernel satisfying (10.4). One can show that for any gel,(I")
there exists a unique solution qeLy(I") of (10.26).

10.2.4 Alternative integral equation formulations

It is also possible to use a double layer potential for the exterior Neumann
problem. Further, if in the representation formula (10.9) we take u=0 in Q,
then

1 Ju o 1
10.27 ux=—{— —_—d + u—(—)d } for xe Q'
where u=u® on I', and
1 1 3 1 3 1
(10.28) —U(X)=—~{ —J —u—dv(y)+fu—(—) dv(y)},
2 47 r on [x—Y]| r ony\ [x—y]|

for xeT.

Equation (10.28) gives an integral equation of the second kind for u|r if gll Ir
n

is known, and an equation of the first kind for g__u |r if u|r is known. Thus,
n

the exterior problems (10.13) and (10.23) can be solved by first solving for

ulr or gl—llr in (10.28) and then using the representation (10.27).
n
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10.3 Finite element methods

We shall now consider finite element methods for the numerical solution of
the integral equations (10.17) and (10.26), that is, the equations

1029) L1790 gy()mug(x),  xeT,
An T |x—y|

(10.30) %q(X)—f;tgq(y) a(Fly’)dv(y)?g(X), xel.

ony

For simplicity we consider only the case of piecewise constant finite element
approximations. Let T,={Kj, . . ., Ky} be a subdivision of I" into ““‘elements”’
K; (eg “curved” triangles or rectangles, cf Fig 10.4) of diameter at most h.
We introduce the finite element space

Wh={vely(T): v|g is constant, i=1, . . ., M}.

We will use the basis {y1, . . ., Ym} for Wy, where each y; is equal to one
on K; and vanishes on K for j#i.

Fig 10.4

10.3.1 FEM for a Fredholm equation of the first kind

Multiplying the equation (10.29) by a test function p(x) in some test space W,
as yet unspecified, and integrating over I', we are led to a variational
formulation of (10.29) of the following form (cf [NP]): Find qeW such that

(10.31)  b(q, p)=I(p)  VpeW,
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where

-1 awpr®)
b(q, p)= 4ﬂ{ ! —— dy(y)dvy(x),

U(p)= ! uo(x)p(x)dv(x).
This leads naturally to the following Galerkin method for (10.29): Find qhe Wy,
such that
(10.32)  b(q", pM=I(p") VpheWh,.

Using the basis {1, . . ., Ym} this relation can be formulated equivalently
as the linear system of equations

(10.33) BE=I,
where E=(Eq, . . ., Em)eRM,

M
q"= = &y,
=1
and B=(bi]‘), I=(I;) with
(1034)  by= [ [ V)

KK, x—y]|

b

li=qud‘Y, i, j=1, .. ., M.
K.

The form b(. , .) is bilinear and evidently symmetric. As we shall see, b is also
positive definite, (ie, b(p, p)=0 with equality only if p=0). Thus, we may

define a norm || - [|w by

(10.35)  [lpllw=b(p, p)"*.

To see that b is positive definite we recall from Section 10.2 that if

Mdy(y), xeR3,

(10.36)  v(x)= if
4n T |x—y|

then
(10.37a) Av=0in Q and Q’,

(10.37b) -SX] =p and [v]=0 on T,
n

(10.37¢)  v(x)=0(|x|71), | Vv(x)|=0(|x|72) as |x| — .
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Using Green’s formula it follows that

_f |V v|2dx= va- Vvdx+ f Vv Vv dx

—£V‘ dv Ivea—dv Jvpdy,

since vi=v¢ on I'. Thus, multiplying (10.36) by p and integrating over I, we
have

bp. p)= 5~ 1P ay(xdv(y)= || Vol
4nT T |x—y|
Hence b(p, p)=0, and if b(p, p)=0, then Vv=0 so that v is constant in R3,
and hence by (10.37b) it follows that p=0. Thus, b is positive definite.
It now follows immediately that (10.32) admits a unique solution q"e Wy,
and by our general theory for finite element methods for elliptic problems
from Chapter 2, we have

(10.38)  |lq—q"|lw=|lq-pPllw  VpPeWh.

It can be shown that the norm || - ||w is (slightly) weaker than the Ly(I')-norm
(ie, ||p/lw=C]|p||L,r) and in particular we have W,cW), and thus using the
L,-norm on the right hand side of (10.38) we find by the usual approximation
theory

la—q"||w =< Ch||q]|ai(n).

Remark 10.1 For readers familiar with Sobolev spaces, let us mention that
here W=H V4T (cf [Ad]). O

Remark 10.2 One can show that the condition number of the linear system
(10.33) is O(h~1) if the triangulation Ty is quasi-uniform (this is of course
related to the fact that ||p|| & <b(p, p)SCHpHﬁZ(r), where the last inequality
is easily proved). Thus, for realistic choices of h the system (10.33) is quite
well-conditioned. This is in contrast to some other Fredholm integral
equations of the first kind having smooth kernels which may be very
ill-conditioned and thus difficult to solve numerically. [

Remark 10.3 A large part of the computational work will have to be spent
on computing the coefficients b;; defined by the double integrals (10.34). If
the elements K; and K; are not very close, then simple one-point quadrature
for each integral in (10.34) may be used. If K; and K are very close, then one
has to be more careful and use special quadrature rules (cf [JS1] and Problem
10.5). O
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Remark 10.4 Note that the matrix B in (10.33) is dense; we have b;;%0
Vi, j. Thus, to solve (10.33) by Gaussian elimination requires O(M3)
operations. [J

Problem
10.3 Estimate the number of operations needed to solve (10.33) by the
conjugate gradient method.

10.3.2 FEM for a Fredholm equation of the second kind
Let us now consider the equation (10.30) which we write as
(10.39) (I-K)q=f,

where f=—2g, I is the identity operator and K:L,(I')— Ly(I') is the integral
operator defined by

(10.40) Kq(x)=21ng a(y) aflx(b(—iﬂ)dv(y), xel'.

One can prove that given fel.;(I') this problem admits a unique solution
qel,(T), and for some constant C independent of f

(10.41)  [lqf|<C]|f]|=C]|@-K)qll,
where || - || denotes the Ly(T)-norm, ie,

Ilpll=qudv)”2-

Let us now consider the following Galerkin method for (10.39): Find q"e Wy,
such that

(10.42)  (q", pH—(Kqh, pM)=(f, p")  VpheW,,

where

(g, P)=/apdy.
The relation (10.42) is equivalent to the following system of linear equations
(10.43) (D-B)E=I,

where

M
qh=j§1§j1Pj, E=(Ei, ..., Em)eRM,

t9
2
~



B=(bjj), D=(d;) is a diagonal matrix and /=(l;) with

1 o 1
bij= — —— | dy(y)d di=
1) 23_1: éiéj anx( Ix—yl) Y(y) Y(X)’ 1 I.([,dy,

li=[fdy.
K;
Again, the matrix B is dense but this time non-symmetric. For the computation
of the b;; Remark 10.3 again applies.
Let us analyze (10.42) and then reformulate this equation using the
following notation. Let Py: Ly(I")— Wy, be the Lj-projection defined by (cf
Problem 4.8).

(Png, p)=(q, p") VpheWs, qeLa(T).
By this relation it follows that Pyp=p if pe Wy and
(Pnq,p)=(Pnq,Pnp)=(q,Pnp) Vp, qeLy(T).

Since (10.42) can be written as
(q",Pnp)—(Kg",Php)=(f,Pnp) VpeLy(I),
we conclude that
(q",p)—(PaKq",p)=(Pf,p) VpeLy(T),
or equivalently, |
(I-Kn)q"=Pxf,

where Ky: Ly(Q)— Wy, is defined by Ky=PpK. To sum up, the continuous
problem and its discrete analogue can be formulated as the following
equations in L;(€):

(10.44)  (1-K)q=f,
(10.45) (I—Kh)qh=th, Kh=PhK.

We now want to prove a stability estimate for (10.45). Once this has been
done, we obtain uniqueness and hence also existence of a solution to (10.45)
and we can directly obtain an error estimate. To prove the stability of (10.45)
we shall use the stability (10.41) of the continuous problem (10.44) and the
following crucial property of the integral operator K:

Proposition The operator K defined by (10.40) is smoothing; more precisely
there is a constant C such that

(10.46)  [IKp||uyr)=<CllpllL,r), VpeLa(T).
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Here H1(T") denotes the space of functions defined on I with first derivatives
in Ly(T). This result says that if peL,(T'), then KpeH!(T), and thus by
applying the integral operator K, we increase the regularity by one derivative.
Such a smoothing operator is also said to be compact.

We will also use the following error estimate for the projection operator
Py, cf Problem 4.8,

(10.47)  [Ip—Pupl|<Ch||p[rr)-
Note that since Wy, consists of piecewise constants, we have in our case

Pup|k,=J p dy/ [ dy = mean value of p over Kj, i=1, . . ., M.
K, K,

Now, combining (10.46) and (10.47) we find that for peL;(T)
||(K=Kp)pl|=||(X1—Pn)Kpl|| <Ch||Kp||n,r)<Ch]|pl],

Thus,

(10.48)  [|(K—Kn)p||<Ch||p||, VpeLa(T),

which may also be written as ||[K—Ky||<Ch where ||A|| denotes the operator
norm of an operator A: Ly(I')— Ly(T), ie, ||Al|=sup {||Ap|/||p||: peLa(T)}.
We can now prove the desired stability estimate:

Lemma 10.1 There are constants C and hg such that for h<hgy and peLy(T)
[pll<Cl|d=Kn)pl|.

Proof Combining (10.41) and (10.48), we have
[Ipl|<Cll(I—K)p||=CI|(I-Kpn)p— (K-Kn)p||
<C||(1—-Kn)p||+C|I(K=Kn)p]|
<C||(I-Kn)p||+C1hl|pl],

so that
(1=C1h)|lp||<Cl|I-Kp)pl],

and the lenima follows by choosing, for instance, Clhgzé. O

Using this stability estimate we easily obtain the following error estimate.

Theorem 10.2 There are constants C and hg such that if ge H!(T') and q"e Wy,
are the solutions of (10.44) and (10.45), then for h<h,,



(10.49) ll|g—qP||<Ch.

Proof Substracting (10.45) from (10.44) we get
(I-Kn) (—g")=(K—Kn)q+(I-Pn)f,
so that by Lemma 10.1
[la—q"||<C(/|[K—Kn)q||[+]|(T-Pn)f[]).
The desired estimate now follows from (10.47) and (10.48). O

Remark 10.5 By Lemma 10.1 it easily follows that the condition number of
the matrix (D—B)T(D—B) is bounded independently of h and thus (10.43)
can be solved efficiently by, for example, the conjugate gradient method
applied to the least squares form of (10.43): (D—B)T(D-B)e=(1-B)Tl. O

Remark 10.6 In certain applications it is of interest to combine the usual finite
element method and the boundary element method. This is the case, for
instance, if (10.1a) is replaced by the non homogenous equation Au=fin Q’,
where we assume that the support of f is bounded so that for some b>0, f(x)=0
for |x|=b. We also assume that Qc{x:|x|<b}. The resulting problem may be
discretized using a standard finite element method on the bounded domain
Q{={xeQ’': |x|<b}, together with an integral equation on the surface
I'b={x: |x|=b} which connects the unknown values of u and the normal
derivative % on ['p. In this method finite elements are thus used to discretize
the bounded domain Q {, where f=0, and a boundary integral method is used
to handle the unbounded region {xeQ’: |x|>b} where f=0. For more
information on this topic, see [JN]. [

Problems
10.4  Consider the integral operator K:L,(I)— L(I), I=(0, 1), defined by

Kq()=[k(x, y)a(y)dy, xel,
where k(x,y)=1 if yex and k(x,y)=0 if y>x. Prove that
|IKq|la:my=CllqllL,m), geLla(D).

10.5 Consider the following integral with weakly singular integrand:

g(x, y)
10.50 &0 ) dxdy,
( ) IJ(‘ (X2+y2)1/2 y
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where K is the triangle with vertices (0, 0), (1, 0) and (1, 1) and g is
a smooth function. Prove that the change of variable y=xz transforms
the integral (10.50) into

(10.51) fjg(x XZ)d dz.

This integral has a smooth integrand and may be computed using
standard numerical quadrature with few quadrature points, whereas
the same approach for the weakly singular integral (10.50) gives poor
results. This “trick”” may be used to compute the elements b;; in e g
(10.34) when K and K are close (in fact here the integrals with respect
to x may be replaced by numerical quadrature with quadrature points
at the nodes of the triangulation which leads to integrals of the form
(10.50) to be calculated, cf [JS1]).
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11. Mixed finite element methods

11.1 Introduction

In this chapter we briefly discuss so called mixed finite element methods which
generalize the basic finite element method for elliptic problems described in
Chapters 1-5. As an important example we shall focus on a mixed finite
element method for the following Stokes problem in two dimensions (cf
Section 5.2): Find the velocity u=(uj, uy) and the pressure p such that

(11.1a) —Au+Vp=f in §,
(11.1b) divu=0 in Q,
(11.1¢) u=0 onT,

where Q is a bounded domain in R? with boundary I and f=(f;, f;) is given
(here of course (11.1a) is a vector equation, cf (5.6a)). Note that the pressure
p is only determined up to a constant; if (u, p) solves (11.1) then (u, p+c)
also solves (11.1) for any constant c. To obtain a unique pressure, we may
for example impose the extra condition

(11.1d) fpdx=0.
Q
Let us now give a variational formulation of (11.1) which generalizes the

previous formulation (5.7). We shall seek u and p in the spaces V and H
defined by

V=[HJ(Q)]2 = {v=(v1,v2): vieHY(Q), i=1, 2},
H={q€L2(Q):gf2quEO}.
Notice that the velocity space V is here not restricted to divergence-free
velocities as was the case in (5.7). Now multiplying (11.1a) by veV and

integrating by parts, and multiplying (11.1b) by qeH, we are led to the
following variational formulation of (11.1): Find (u, p)eVXH such that
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(11.2a) (Vu,Vv)—(p,div v)=(f,v) VvevV,
(11.2b) (q,div u)=0 VYqeH,

where (., .) denotes Ly-inner products, so that in particular
2 2
(Vw,Vv)= 2 [ Vw;- Vvdx, (f,v)= Z [fividx.
i=1Q i=1Q

A natural idea to get a discrete analogue of (11.2) is now to replace V and
H by finite-dimensional subspaces Vy and Hy. This gives the following
method: Find (uy, pn)€ VhXHyp such that

(11.3a) (Vup, Vv)—(pn, div v)=(f, v) VveVy,
(11.3b) (q, div up)=0 VYqeHs.

A method for (11.1) of the form (11.3) is called a mixed (finite element)
method, the term mixed refers to the fact that in (11.3) we seek independent
approximations of both the velocity u and the pressure p. With the formulation
(11.3) we do not have to explicitly construct a finite element space of
divergence free velocities as in (5.7), something which is difficult to do using
low order polynomials (cf Section 5.2). Thus, the formulation (11.3) opens
the possibility of working with velocities that only satisfy the zero divergence
condition approximately through the discrete zero divergence condition
(11.3b). However, we have to pay for this added freedom in the choice of Vi,
by introducing the pressure space Hy (cf Remark 11.1 below).

In order for (11.3) to be a reasonable discrete analogue of (11.2), the spaces
Vi and Hy, will have to be conveniently chosen; not just any combination will
work. Loosely speaking, we want to choose V}, and Hy, so that the resulting
method is both stable and accurate. These demands are in some sense
conflicting and one has to find a reasonable compromise. Below we will
consider in detail one special choice of Vi, and Hy, for which stability is easily
proved but which is not optimally accurate. We will also briefly give some
methods with improved accuracy but omit the more elaborate proofs needed
to prove the stability in these cases. Recently, modifications of (11.3) with
additional stability have been introduced, see Problem 11.3. In these methods
the spaces Vi and Hy can be chosen more independently.

Let us now return to the discrete Stokes problem (11.3) and consider first
the stability of this problem. A natural stability inequality for (11.3) would
be the following: There is a constant such that if (un, pn) €V XHy, satisfies
(11.3), then

(11.4)  lup|[s+|lpallo<ClIf]|-1,
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where, (cf Remark 4.3)
(£,v)

fll_1= su , Ivli=UVvall & cont [vall Zi o2,
[I£1] 9P T, IvIli=vill )+ [vall gy

and ||q/lo=]|qg|/L@). The velocity estimate in (11.4) is obtained easily as
follows. Taking v=uy, in (11.3a) and q=py, in (11.3b) and adding the resulting
equations, we get

Junl[F=(t, un)=<|[f||-1]unlls,
so that
115)  lunlh=Clifl]-+.
Next, we want to use the relation (11.3a), ie,
(11.6) (pn, div v)=(Vup, Vv)—(f, v) VveVy,
to conclude that ‘

117 lpnllo<C(|lun/[1+]fl[-),

which together with (11.5) will prove the desired estimate (11.4). To be able
to conclude (11.7) from (11.6), we need the following estimate: There is a
positive constant ¢ such that for all geHy,

(11.8)  sup LIV oqjq)),
veVh  []v]|q

It is clear that by using (11.8) we obtain the pressure control (11.7) from (11.5)
and (11.6). The inequality (11.8) is called the Babuska-Brezzi condition (for
the method (11.3)) and is the crucial inequality that will guarantee stability
of the mixed method (11.3). Once (11.8) is established one can easily prove
the following optimal error estimate for (11.3) (cf Problem 11.1 and [Br]):

(11.9)  [[u—uplli+|[p=pnllo<C( inf [lu=v|l;+ inf [[p—q]|o).
VGVh qEHh

11.2 Some examples

We will now consider the problem of constructing the spaces V}, and Hy, so
that we will be able to verify (11.8). This is in fact easy to achieve by simply
taking Vj, large enough; the real challenge is to try to choose V}, nearly as small
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as possible and thus to find a good balance between Vi and Hy,. In the first
example we will have a situation where in fact the space Vy, is “too big”.

For simplicity we will in the examples below assume that Q is a square with
a uniform subdivision T,={K} of Q into squares K with side length h. The
methods to be presented can be generalized directly to quadrilateral elements,
cf Chapter 12.

Example 11.1 Let
(11.10a)  Vp={veV: v|[xe[Q2(K)]?, VKeT}},
(11.10b) Hp={qeH: qlkeQu(K), VKeTy}.

In other words, Vj, consists of continuous piecewise quadratic velocities and
Hy, of piecewise constants. We will subsequently verify that (11.8) holds in
this case and thus we have by the error estimate (11.9):

|lu—unl|1+|[p—pnllo<Ch(h||ul[2+]||p|]1)-

This estimate is not optimal for the velocities, since optimality would require
second order convergence. U

To prove (11.8) with the choice (11.10), we recall (see [GR]) that there is
a constant C such that for all geH there exists ve[H(Q)]? such that

(11.11a)  div v=q,
(11.11b)  |Iv[li=<Cl[qllo-

Note that this result proves the validity of the following analogue of (11.8)
for the continuous Stokes problem:

(11.12)  sup LIV > qiq1ly VqeH.
vev  [IvI[1

Now, for a given qeHy, let veV satisfy (11.11) and define v,eVy, as the
following interpolant of v:

(11.13a)  vu(P)=V(P) for P a corner of KeTy,
(11.13b)  fvpds=[vds for all sides S of Tp,

S S
(11.13¢)  Jvpdx=Jv dx for all KeTy,

K K

where Ve Vy, is defined by (V (v—7), Vw)=0 Ywe V},. It is then easy to see that
|lvn||1=<C]||v||1 (see Problem 11.4). Using Green’s formula, (11.11a), the fact
that qeHy, is constant on each KeT}, and (11.13b), we now have
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lqll2= (q, divv) = = fqdiv v dx
K K

=3 [ qv-ngds=Z [ qvp-nk ds
K 3K K 3K

T [qdiv v, dx =(q, div vp),
K K
with ng denoting the outward unit normal to oK, KeTy. But, recalling
(11.11b), we have
[vhll1=<C]|v][1=Cllq]lo,
and thus

, div v , divv

o= {920 < @ S ),
lqllo [Ivallz

which proves that the stability estimate (11.8) is satisfied in the case

(11.10). O

Example 11.2 The simplest example of a mixed method for Stokes problem
is probably given by the Q;—Qp method where.

Vh={veV: v[ke[Qi(K)], YVKeTy},
Hp={qeH: q|lgeQy(K), VKeTy}.

This method does not satisfy the stability inequality (11.8) since the pressure
space is “‘too rich”’. Despite this fact it is possible to prove the velocity estimate
(see [JP]),

llu—up||;<C inf |[ju—v]|;.
veV,

However, the pressures py may not converge to p. To obtain convergence one
has to filter out some unstable components of the pressure by local smoothing
(e g averages over groups of four neighbouring squares K, see [JP]). O

Example 11.3 A good method based on square (or quadrilateral) elements
K is given by

Vh={veV: V’KE[Qz(K)]z, VKeTy},

Hp={qeH: q|kePi(K), VKeTy}.
This method, the Q,—P; method, satisfies the stability inequality (11.8) and
the spaces Vi and Hy, are well-balanced. Note that the corresponding Q;—Q;
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method suffers from pressure instabilities similar to those of the Q;-Qy
method discussed in the previous example. O

Remark 11.1 Introducing bases {@1, . . ., @3} and {1, . . ., Y} for Vy, and
Hh, respectively, the discrete problem (11.3) can be written in matrix form
as

(11.142) AE-BO=F,
(11.14b) BTE =0,
where A=(ajj), B=(bjj), F=(Fj), with
ajj=a(®;,®;), bij=(y;, div @j), Fj=gf2fCdeX,

and § and 0 are the coordinates of uy and py,.

In order for 0 to be uniquely determined from (11.14a), we clearly need
to have dim Vy=dim Hp. The same demand comes from (11.14b) since we
want the space {veVy: (div v, q)=0 VqeH,} corresponding to {neR™
BTn=0} to be rich enough to contain a good interpolant of u.

The system matrix in (11.14) is not positive definite and thus it is not so
clear how to solve (11.14) iteratively in an efficient way, neither is it clear that
Gaussian elimination without pivoting will work. One way out of this difficulty
is to replace (11.14b) by the perturbed equation

(11.15)  €0+BTE=0,

with € a small positive constant (cf Problem 11.3). After elimination of 6, this
leads to the following positive definite symmetric problem in the velocity
variable § only

(11.16)  (A+ %BBT)§=F.
The condition number of this problem increases with decreasing € and may
require double precision in Gaussian elemination (for accuracy reasons we

would like to choose e g e=0(h?) in the case of Example 11.1). O

Mixed methods may be used for problems other than the Stokes equations,
e g for the elasticity equations, Maxwell’s equations and the plate equations.
In these cases the problem is formulated as a system of equations and the
different unknowns are independently approximated. For more information
on mixed methods we refer to [Br], [GR].



Problems

11.1

11.2

11.3

11.4
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Prove the error estimate (11.9) for the method (11.3) under the
assumption (11.8). Hint: Write (11.3) in the form: Find

@h=(un, pn) € Pr=VrXHy
such that

B((Ph, 1P)=L(1P), Vweq)h,

where
B(0, ¢)=(Vw, Vv)—(r, div v)+(q, div w),

L(y)=(£, v), 6=(w, 1), y=(v, q).
Next prove that with [|||=[[Iv/[{+(|ql[§]"2,

sup 20 W > 116/, voed,,

pea, ||l
by choosing for a given 6=(w, r), the function {y=(w+9dz, r), with
z€V}, chosen so that

\

—(div z, r)=c[lr][g, [|zll1=]x[lo,
and 8>0 conveniently chosen (sufficiently small).

Determine the matrix equations corresponding to Example 11.2 in
the case of a uniform subdivision of the unit square and interpret
the resulting method as a difference method. Verify that the space
{qeHn: (q, div v)=0, YveVy} contains a pressure that alternatively
takes the values =1 on a checkerboard pattern. Is the solution of (11.3)
unique in this case?

Consider the following (cf (11.15)) perturbed variant of (11.3): Find
(uh,ph)GVhXHh such that

(Vun, Vv)—(pn, div v)=(£,v) VVeVy,
h*(Vq, Vpn)+(q,div up)=0 VqeH,

where now H,cH!(Q). Prove without using the stability condition
(11.8) an error estimate for ||u—uyl|; (cf [BP], [HFB]).

Prove that there is a constant C such that if v, e Vy, is defined by (11.13),
then ||vp|[1<C]||v||1. Note that Ve V}, is introduced because we cannot
guarantee that |v(P)|<C||v||n! ().



12. Curved elements and
numerical integration

12.1 Curved elements

In our applications of the finite element method so far we have used piecewise
linear boundary approximations. For example, in the case of a two-
dimensional region €2 we approximated the boundary I' of Q with a polygonal
line. The corresponding error is of the order 0(h%) where h as usual is a
measure of the size of the finite elements. To achieve higher order of
approximation one may approximate the boundary with piecewise polyno-
mials of degree k=2 and in this case the error due to the boundary
approximation will be reduced to 0(hk*1). In a “triangulation” of the region
Q2, the triangles (or quadrilaterals) close to the boundary will then have one
curved side, see Fig 12.1.

/P
N

/

\./

Fig 12.1

A “curved” element may be obtained in principle as follows: Suppose
(K, Px, ﬁ) is a finite element (cf Section 3.4), where K is the reference triangle
in the (%1, %2) — plane with vertices at 4'=(0,0), 42=(1,0) and 4*=(0,1). For
simplicity let us suppose that the degrees of freedom S are of Lagrange type,
ie, 3 is a set of function values at certain points aieK, i=1 , m. Let now
F be a one-to-one mapping of K onto the “curved trlangle” K in the (x1, x3)
— plane (see Fig 10.2) with inverse F~1.
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Fig 12.2

We now define
(12.1) Pk={p: p(x)=p(F~1(x)), xeK, pePg},

(12.2) Sk={the values at al=F(4!), i=1, . . ., m}.

It is then easy to realize that (K, Pk, 2k) indeed is a finite element. The
functions pePx are defined through the inverse mapping F~!: K— K and the
polynomial functions p: K—R, pePg. If the mapping F=(F1, Fy) is of the
same type as the functions in Pg, ie, if FjePg, i=1, 2, then the element (K,
Pk, Zx) is said to be of isoparametric type. In general the inverse mapping
F~1 is not polynomial, unless K is a usual triangle in which case both F and
F~1 are linear, and thus the functions pePg are not polynomials in general.
We will now study a concrete example in more detail.

Example 12.1 Let K be the reference triangle with vertices at ai, i=1, 2, 3
and let 4!, i=4, 5, 6, denote the mid-points of the sides of K. Further, let
Pg=P,(K) and let S be the values at the nodes 4, i=1, . . ., 6 (cf Example
3.2) and let cbiePz(K), i=1, ..., 6, be the corresponding basis functions, so
that ¢;(a')=9;;. Suppose now al, i=1, . . ., 6, are the points in the (x{, X2)-plane
given by Fig 12.3. In particular, a* and a% are the mid points of the straight
edges alaZ and ala3, and a’ is slightly displaced from the straight line a%a3.



>

Fig 12.3

Let us now define a transformation F by
6 T A A
F(X)= Z alg;(®), XeK,
j=1
and let us write
K=F(K)={xeRZ2 x=F(%), %eK}.

Then we clearly have that F:K— K and F(4/)=al, j=1, . . ., 6, ie, the points
&l in the X-plane are mapped onto the points al in the x-plane. We will now
consider the following questions:

(a) Under what conditions is the mapping F:K— K one-to-one?

(b) How can we compute the element stiffness matrix corresponding to the
curved element (K, Pk, Zk) where Pk and 2k are defined by (12.1) and
(12.2)?

(c) What is the interpolation error using the functions in Pg?

(d) How can we construct a finite element space Vi using the element
(K, Pi, =x)? Is it true that V,=C%Q)? What is the global error?

(a) When is F one-to-one?

The mapping F is locally one-to-one in small neighbourhood of each point
%eK if

(12.3) det J(%)#0, %eK,
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where

B
oX1
oF,
X1

h

oF;
R)¢)

oF;
ox2

is the Jacobian of F and det] is the determinant of J. In general the condition
(12.3) does not guarantee that the mapping F:K — K is globally one-to-one
(cf Problem 12.2). In our case, however, the sides of K are mapped in a
one-to-one fashion onto the sides of K and one can then show that (12.3)
implies that F:K — K is one-to-one, ie, for each xeK there is a unique €K
such that F(2)=x. To check if det J(%)#0 for €K, we split the transformation
F in two transformations F and F,

F(%)=F(F(%)),

according to the following figure:

Fig 12.4

Here F is the affine mapping that maps the vertices bi=4l, j=1, 2, 3 on the
vertices al=(al, a)), j=1, 2, 3, ie,

F(y)=By+b,

where
af—aj
"7 al
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Since by assumption the points al, a2 and a3 are not situated on the same
straight line, we have that det B#0 and F is therefore one-to-one.
It now remains to analyze the mapping F. We easily see that

Fi(X)=%;+dixi%o, i=1, 2,
where
di=4b3 2.

The Jacobian J corresponding to F is given by

_ 1+di%o dixq
J(X): ’

d;xo 1+dyxyq

from which it follows that
det j(f()=1+d1f(2+d2f(1,

andthus detJ islinear in %. Therefore det]J is positive in K if det J is positive
at the vertices &/, j=1, 2, 3. We have

J(0,00=1,  J(1,0)=1+d;,  J(0,1)=1+d;,

which proves that det J>0 in K if di>—1, i=1, 2, ie, if

1
%
We thus conclude that F is one-to-one if b5 and a’ lie in the shaded areas in
Fig 12.4, and thus in particular if 4%, the mid-point on the straight line a2a3,
is close enough to a>. Hence the original mapping F is one-to-one under the
same condition. In particular, if the element K with one curved edge is used
to approximate a smooth boundary, then the distance |a®—a3| (cf Fig 12.1,
12.4 and Problem 12.2) will be of the order O(hé), where hg as usual is the
diameter of K. Hence a> will be close enough to a3 if hy is sufficiently small,
and thus we conclude that the mapping F will be one-to-one for sufficiently
fine triangulations.

by>-, i=1,2.

(b) Computation of the element stiffness matrix

The local basis functions on K are given by

Pi(x)=¢;(F~1(x)), j=1, . . ., 6,
where c};j, j=1, ..., 6, is a usual basis for Pg=Pp(K). If for cxampl th.
underlying differential equation is the Poisson equation (1.16). then we hass

to compute the integrals



(12.4) al =V Vs, i, j=1,. . ., 6.
K

To this end we note that by the chain rule

3 op; OX 3p; 3%
—“’=—( (i) = 381, 361 3%
OXj oX1 Ox; OXy OXj
so that
Vgi=1"TVq;,
where J~T is the transposed Jacobian of the mapping F~1,
[ 3%1 9%y ]
J—Tz ax1 axl
oX1 OX»
h dXy OXxp

If we now transform the integral in (12.4) to an integral over K using the
mapping F:K— K, we get,

K= I{(J—Tvepi) -(I-TV &) |det J|dx.

Further, by a simple calculation
1

I T=J1HT= Jo,
@) =Fery Yo
where
' 9F, _an‘
)0} )¢
Jo= ,
oF; oF;
L 2)o) 8)21‘
so that finally
dx
12.5 JoV JoV
(125 df=[06d) 00V gy

Thus the matrix element aJ can be computed by evaluating an integral over
the reference element K. We see that the integrand is a rational function r(%)
(ie, r(X)=p(X)/q(X) with p and q polynomials), and thus in general it is difficult
to evaluate the integral (12.5) analytically. In practice this integral is most
conveniently evaluated approximately by some appropriate quadrature for-
mula, as discussed below.
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(c) The interpolation error

Given a function v on K, we define the interpolant nvePyk in the usual way
by requiring that wtv(a')=v(a'), i=1, . . ., 6. If K is our usual triangle we have
from Chapter 4

(12.6) |[v—mv]

HY(K) S Chg ¥||v] H'(K), 0Ss<1<3.

The estimate also holds for a curved triangle K if K is not “‘too curved’’; more
precisely if [aS—a5|=0(h%) with a> and a5 the points of Fig 12.4. Thus, in a
typical application where the curved elements approximate a smooth bound-
ary curve, then the estimate (12.6) will hold.

(d) The corresponding space Vy,

Let T,={K} be a triangulation of Q using the finite element (K, Px, 2k) where
the “triangles” K may have one or more curved edges. Let Qp, be the union
of the elements in T,. Then Qy is an approximation of Q with piecewise
quadratic boundary (see Fig 12.1). We now define in the usual way the finite
element space

Vh={V€H1(Qh)Z V'KEPK, KETh}.

It is then easy to see that if v|g e Pg for Ke Ty, and v is continuous at the node
points of Ty, then v is continuous across all element edges and thus ve HI(Qy,).
Thus, we may choose the values at the node points as global degrees of
freedom. If we use this space to discretize, for example, the Poisson equation
(1.16), then we have the following error estimates

(12.7a) |[u—up||1'(@,) <Ch?||u||H (@),
(12.76)  [Ju—up||L,0)<Ch¥||ull@). O

12.2 Numerical integration (quadrature)

We have seen above that the elements in the element stiffness matrix for a
curved element contain integrals that may be difficult to evaluate exactly. We
meet the same difficulty in the case of nonlinear problems or differential
equations with variable coefficients. For example in the heat equation of
Example 2.7 the elements of the element stiffness matrix are

0%i O9; dx,
OX;m OXm
where kpy,(x) is the heat conductivity in the xp-direction at the point x.

2
(12.8) at=[ X kp(x)
K m=1
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To evaluate such integrals in practice one would use a suitably chosen
numerical quadrature formula of the form:

(12.9) [ f(x)dx ~ % f(y)w;
K i=1

where the wj, j=1, . . ., q, are certain weights and the yl are certain points
in the element K.

To estimate the error committed in using the quadrature formula (12.9) we
check for which polynomials p the formula (12.9) is exact, ie, for which
polynomials p we have

[pdx= = p(y))w;.
K =1

If (12.9) is exact for peP(K), then the quadrature error can be estimated as
follows (if r>0):

n
(12.9) | [f(x)dx— = f(y)wj] <Ch™*! 3 [|Df|dx.
K j=1 laj=r+1K

Let us now give some simple quadrature formulas. Here r indicates the
maximal degree of the polynomials for which the formula is exact. Further,
a' (i=1, 2, 3) are the vertices of the triangle K, bi (j=1, 2, 3) denote the mid
points of the sides of K and al23 the center of gravity of K. By Q we denote
a rectangle with sides parallel to the coordinate axis of lengths 2h; and 2h;
and centered at the origin. We then have, for example, the following
quadrature formulas:

If(fdx~f(a123) area(K) ﬁ r=1
[tdx~ % f(bi) 23K A r=2
K j=I 3

area(K) 2 area(K) ]
15

[tdx~ 3 [fai) 238 | fiy
K ji=1

+(a12) 9 ar;g(K) A 3

jfdx~[f( y h2)+f(1‘1— _ o ) +f(—h—1 L
Q

V3 V3 V3’ V3 V3'\V3
fl-—s, — : =3
* ( V3’ \/5)] 4 e
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Remark Let us return to Example 12.1 where we considered isoparametric
quadratics. One can show that if the integrals (12.4) are computed with a
quadrature formula which is exact for polynomials of degree r=2, then the
error estimate (12.6) holds, that is ||u—up||n'(@,)=0(h?). Further, to compute
the integrals (12.8) using quadrature one should use quadrature formulas
which are exact for polynomials of degree 2r—2 when using piecewise
polynomials ¢;eP;(K). [

Problems

12.1

12.2

12.3

Consider the mapping F:K— K, where F(r,0)=(rsin#,rcos8),
K={(r, 0): 1<r=<2, 0<0<2n}, K={xeR2: 1<[x|<2}. Show that the
Jacobian of F is different from zero in K and that F:K— K is not
one-to-one. This shows that the condition that the Jacobian is non-zero
is not sufficient to guarantee that a mapping is globally one-to-one.

Let I' be a circle with diameter d and let I', be a polygonal
approximation of I with vertices on I' and with maximal side length

equal to h. Prove that the maximal distance from I' to I'y; is of the order
h?/4d.

Let K be the unit square with corners ai=1,...,4,let PK=Ql(K) and
let = be the degrees of freedom corresponding to the values at the &',
Prove that if K is a convex quadrilateral, then we may define an
isoparametric finite element (K, Px, Zx) by (12.1) and (12.2). This
finite element is frequently used in applications.



13. Some non-linear problems

13.1 Introduction

In this chapter we consider some applications of finite element methods to
non-linear problems in continuum mechanics. We will just indicate some
aspects of this extremely rich problem area. We first consider a class of convex
minimization problems generalizing the quadratic minimization problems
studied in Chapters 1-7. These problems correspond to non-linear elliptic
partial differential equations and so called variational inequalities. We will
then discuss a non-linear parabolic problem modelling e g heat conduction
with heat conduction coefficient and heat production term depending on the
temperature. The finite element methods of Chapters 1 to 8 may be directly
extended to these problems. Finally we consider extensions of the streamline
diffusion method of Chapter 9 to the Euler and Navier-Stokes equations for
an incompressible fluid, and to a model problem for compressible flow,
Burgers’ equation.

In all cases the discrete problems obtained after application of a finite
element method, consist of non-linear systems of equations to be solved. We
also comment on some iterative methods of Newton type for the numerical
solution of these systems.

13.2 Convex minimization problems
13.2.1 The continuous problem

We have seen that many linear stationary problems in mechanics and physics
may be formulated as minimization problems of the form

(13.1)  Min F(v),
veV
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where V is a Hilbert space and F:V— R is a quadratic functional. We will
now briefly discuss generalizations of (13.1) to convex functionals F that are
related to non-linear elliptic problems. To formulate these generalizations we
need the following definitions (as before V is a Hilbert space with scalar
product (.,.)y and norm || - ||v). A set KcV is said to be convex if for all v,
weK and O<a=1, one has

(13.2) av+(l—a)wek.

The condition (13.2) states that if v, weK, then all points on the straight line
between v and w also belong to K, cf Fig 13.1.

K
w

Aa)w

v

Fig 13.1

We say that a functional F:K— R defined on the convex set K is convex if
for all v, weK and 0<a<l1, one has (cf Fig 13.2)

(13.3) Flav+(1—a)w) < aF(v)+(1—a)F(w).

The functional F is said to be strictly convex if equality holds in (13.3) only
for a=0 or a=1.

r

OF (V) + (1—a)F(w\

F(av + (1-a)w) ‘

|

* - —
[ )
Y
<

<e¢

av+ (1-a)w w

Fig 13.2
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Example 13.1 A linear functional is evidently convex. The quadratic func-

tional F(V)=% Ivl|3,, veV, is strictly convex (cf Problem 13.4). [

We further say that a set KcV is closed if xjeK and ||x;—x||y— 0 as j— o
imply that xeK. Finally we say that a functional F:K — R is continuous if x;eK
and ||x;—x||y— 0 as j— o, where x€K, imply that F(x;)— F(x) as j— o,

We consider minimization problems of the form
(13.4) Min F(v),

VE
where KcV is a closed convex set and F:K— R is convex and continuous.
If K#V, then (13.4) is a constrained minimization problem; we then seek to
minimize F(v) under the side condition veK. If K=V we have an unconstrai-
ned minimization problem. Problems of the form (13.4) are related to
variational inequalities, see [DL], [GLT].

Let us now formulate a general result concerning existence and uniqueness
of solutions to problems of the form (13.4).

Theorem 13.1 Suppose K is a non-empty closed and convex set in the Hilbert
space V and that F:K— R is convex and continuous. Suppose that K is
bounded, ie there is constant C such that ||v||[y<C, VveK, or that F(v) — «
as ||v|[y— . Then there exists a ueK such that

F(u)=Min F(v).
vekK

If F is strictly convex, then u is uniquely determined.

We do not prove this result here. For a (short) proof we refer to [ET]. We
now give some examples of problems in mechanics and physics that may be
formulated in the form (13.4).

Example 13.2 Our standard problem (2.4) from Chapter 2 has the form (13.4)
with K=V and

F(v):% a(v, v)—L(v),

where a(.,.) and L(.) satisfy the conditions (i)—(iv) of Section 2.1. Here F
is strictly convex and continuous and by (2.2) and (2.3),

F)=SIVIG-AlIv= vl (§ Ivlv=4 |-
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as ||v|ly— «. Thus, the assumptions of Theorem 13.4 are satisfied and
existence and uniqueness of a solution of (13.4) follows in this case. Note in
particular that Theorem 2.1 is essentially a special case of Theorem 13.1. [

Example 13.3 Let V=H}(Q) where Q is a bounded domain in R? with
boundary I'. Let y e H!(Q) be a given function defined on Q such that y(x) <0
for xeI and define

K={veH}(Q): v=v in Q}.

Clearly K is convex and one can also show that K is closed. Further let F be
defined as in Example 13.2 with a and L given by Example 2.3. Then the
assumptions of Theorem 13.1 are satisfied. The unique solution ueK of (13.4)
in this case represents e g the deflection of a membrane fixed at its boundary
under the presence of an obstacle given by the function . The side condition
uek, ie, u=y in Q, corresponds to the fact that the membrane cannot
penetrate the obstacle cf Fig 13.3. For more examples of similar nature, see

[DL], [GLT].
4 /\\K ——
/ X \
Y

Example 13.4 Consider the non-linear elliptic problem

_9
£).9)

Fig 13.3

(13.5) - i(v(\vup)?-‘l) (v(WuP)@E):f inQ,
ox1 X1 ).9)

u=0 on T,

where Q is a two-dimensional bounded domain with boundary I'andv:R - R
is a given positive function. This problem is obtained, for example, from the
following Maxwell’s equations modelling a two-dimensional magnetic field
problem:

V xH=j,
(13.6)  B=w(BPH,
div B=0,
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where H=(Hj, Hj, 0) is the magnetic field, B=(Bj, B,, 0) is the magnetic
flux density, p is the magnetic permeability assumed to depend on |B|? and
j=(0, 0, —f) is a given electric current density. The problems (13.5) and (13.6)
are connected through the magnetic vector potential A=(0, 0, u) related to
B by B=V XA, so that in particular |B|2=|Vu|?, and through the relation

1
O

(13.7) v(s)=§—‘§=¢'(§), £0).

Now suppose that

Then (13.5) corresponds to the minimization problem

(13.8)  Min F(v)
veV

where
(13.9) F(v)= 1f¢(; Vv[¥)dx— [fv dx,
2Q Q

V=H\(Q).
To see this formally, note that if u is a solution of (13.9), then for any veV
g(0)<g(e)=F(u+ev) VeeR,
so that g'(0)=0 which gives
[o'(|Vu))Vu- Vv=[fvdx  VveV.
Q Q
But, using (13.7), this is a weak formulation of (13.5). Suppose now e g that
v is non-decreasing and for some positive constants vo and v; we have

vo<V(§)<viy, §=0. Then ¢ is convex and it is easy to see that F given by (13.9)
is convex, continuous and that F(v)—  as ||v|][y— . O

Example 13.5 Consider the minimal surface problem

(13.10) Min F(v),

v=gon I’
where

F(v)= [ (1+|Vv[?)12dx,
Q

where €2 is a bounded domain in the plane with boundary I" and g is a smooth
function. Here F(v) represents the area of the surface given by the graph of
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the function v. The solution of (13.10) corresponds to a soap film spanned
by the graph of the boundary function g, cf Fig 13.4.

Fig 13.4

Let us now check if Theorem 13.1 may be used to prove existence of a solution
of (13.10). It is natural to start with V=H!(Q) and K={veH!(Q): v=g on
I'}. We easily check that F: K— R is convex and continuous but we cannot,
however guarantee that F(v) — = if ||v||y— o, cf Problem 13.5. To be able
to prove existence of a solution of (13.10), using a variant of Theorem of 13.1,
the space V has to be chosen larger than HY(Q), (basically, V would be the
space of functions on Q whose first derivatives are integrable or more
precisely, the functions on Q of bounded variation cf [T2]). O

Example 13.6 A problem similar to (13.10) occurs as a model for the
displacement of a body made of an elastic, perfectly plastic material under
a load f. In two dimensions this problem takes the form (13.4) with now

F(v)= gf2¢(| Vv(x)’)ds—gf!fv dx,

% 2 ifosr<l,
P(r)= )

——r if r>1.

2

Again we need to take V larger than H{(Q) to obtain existence in general (cf
Example 13.5). Also f has to be small enough to avoid having

inf F(v)=—o0, which corresponds to collapse of the elasto-plastic body and
non-existence of a solution, cf [T2], [JS2]. O



Example 13.7 An alternative formulation of the elasto-plastic problem of the
previous example, using stresses instead of displacements as unknowns, is as
follows (cf Problem 2.9):

.1
Min g
qekK
where
K=HiNPcH,
Hf={qeH: divq+f=0 in Q},

H={q=(q1,92): qi€eL2(Q)}=[L2A(Q)]?,
P={qeH: |q(x)|<1, xeQ},

lall*=Jla(x)[*dx.
Q

One can easily show that K is closed in H and the existence of a solution follows
from Theorem 13.4 if K is non-empty. The latter condition will be satisfied
if again the load f is below the collapse load. [J

13.2.2 Discretizations

Suppose now we have a convex minimization problem of the form (13.4). A
discrete analogue of this problem is obtained by replacing K with Ky=KNVy,
where Vy, is a finite-dimensional subspace of V. This leads to the finite-
dimensional minimization problem:

(13.11) Min F(v).

VEKh

In Example 13.3 above we may e g choose
Kh={veVy: v=y in Q},

where Vy CH(I) is a standard finite element space of piecewise linear functions
on a triangulation T}. Introducing as usual a basis {@1, . . ., oM} for Vy, the
problem (13.11) may be written as a convex minimization problem in RM of
the form

(13.12) Min f(n)
neQ

where QcRM is a closed convex set and f:RM— R is convex. If
Q=RM(Q#RM) then (13.12) is an unconstrained (constrained) convex mini-
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mization problem in RM. We note that the typical problem (7.1) of Chapter
7 has the form (13.12) with Q=RM and f quadratic, f(n)=%n -An—=b-n.

13.2.3 Numerical methods for convex minimization problems

Let us very briefly indicate some methods for the numerical solution of convex
minimization problems of the form (13.12). We shall then use the notation
of Section 7.1 with in particular f' and f” the gradient and Hessian of f (which
we assume to exist). Let us then first consider the unconstrained case with
Q=RM., In this case it is easy to show that EeRM is a solution of (13.12), ie,
f(E)<f(n) YneRM, if and only if

(13.13)  f'(§)=0.

Further, if f is strictly convex, corresponding to f"(n) being positive definite
for all neRM, then the solution & is uniquely determined.

For the numerical solution of (13.12) with Q=RM we shall consider, as in
Chapter 7, iterative methods of the form

gk+1=gky g, dk, k=0, 1, . . .,

where as earlier oy is a step length, d¥ is a search direction and &Y is an initial
approximation. We shall first give some examples of methods with dk=
—Hif'(EX), where Hy is an MXM matrix. As in Chapter 7 we see that d¥ is
a descent direction if Hy is positive definite.

(a) The gradient method with optimal step length
In this method one chooses, of course,
dk=—£'(EK), ax=aP,
where
f(Ek+ QP! dk) =Ln>ig f(EX+ adk).
As in the special case of a quadratic functional one can prove that the rate

of convergence of this method is inversely proportional to the condition
number of the Hessian {"(§).
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(b) Newtons method

In this method we have
dk=—£"(8%) 11/ (E¥),
ax=1.

Note that in this case one has to solve a linear system of equations with
coefficient matrix f"(EK) at each step. If {”(E) is non-singular (thus in particular
if £"(E) is positive definite) and the third derivatives of f are bounded, then
Newton’s method will converge quadratically (that is very quickly) in a
neighbourhood of &. In this case there is a >0 and a constant C such that
if |EK—E|<9, then

g+ -E|<Clgx-E2.

The main problem with Newton’s method is to get a sufficiently good initial
approximation. Once this is achieved one gets the solution with very few
iterations. To get such an initial approximation E¥ one may have to choose
ox<1 to start with. In this case the method is a damped Newton method.

(c) Quasi-Newton methods

These methods are variants of Newton’s method of the form
dk=—Hyf'(E¥), ax=a",

where Hy is an MXM matrix which may be viewed as an approximation of
f”(EX)~1. In the simplest case one may choose

Hy=f"(E""1, k=0, 1, . . .,
which corresponds to the classical modified Newton’s method, or one may take
Hy=C~ ! k=0,1, ...

where C=ETE is an approximation of e g f”(E%) with E sparse, in which case
we get preconditioned variants of the gradient method, cf Section 7.4. In a
true quasi-Newton method the matrices Hx are successively updated in a
simple way using the fact that the difference f'(gX)—f'(Ek—1) gives information
about f”(EX) and then the Hy become better approximations of f"(g)~! as k
increases. The quasi-Newton methods are very efficient on large classes of
problems (see e g [MS]).
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(d) Generalized conjugate gradient (Fletcher-Reeves)
This method reads:

Ek+1=gky g dk,

ax=apP!,

dk+1=—gk+1+[3kdk,

B _ gk+1 . gk+1

k —_k,— K’
g8

where gk=f'(E¥) and d’=—g0. Usually a restart with d¥=—gk is made in this
method at certain intervals, e g every Mt step.

Finally, let us just mention that to solve the problem (13.12) in the case
Q#RM, ie, the case of a constrained minimization problem, one may use
different methods from nonlinear programming such as, for example, penalty
methods, projected gradient methods, Lagrange multiplier methods, duality
etc, see e g [G], [GLT].

13.3 A non-linear parabolic problem

Let us consider the following non-linear parabolic problem:

%l—l-—div (a(u) Vu)=f(u) in QxI,
(13.12)  u=0 on T'xI,
u(- s 0)=u0’

where a:R— R is a given function satisfying ap<a(r)=<a;, reR for some
positive constants a; and f:R— R is given. This problem models heat
conduction with heat conduction coefficient a and heat production f depend-
ing on the unknown u. Systems of equations of the form (13.12) also model

e g chemical reactions.
A weak formulation of (13.12) reads as follows: Find u(t)e V=H}(Q), tel,
such that

(u(t), v)+a(u(t); u(t), v)=(~f(u(t)), v) VveV, tel,

3.
(1) u(0)=uo,
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where

a(u; w, v)=fa(u)VwVvdx, (v,w)=Jvw dx.
Q Q

Discretizing (13.13) by extending the backward Euler method (8.29), we get
the following discrete analogue of (13.13): Find U"eVy, n=1, 2, . ., N, such
that for n=1, . . ., N,

(13.14)  (UP=U™1, v)+kna(U™; UD, v)=kn(f(UM), v)  VveVy,

where U%=u,,.

Under the assumption that f and a are globally Lipschitz continuous (ie for
some constant C, |f(r)—f(s)|<C|r—s| and similarly for a) the error estimate
(8.42) may be generalized to (13.14) (see [EJ1]). Also the discontinuous
Galerkin method (8.35) may directly be extended to (13.13) (cf Problem 13.2).

13.4 The incompressible Euler equations
13.4.1 The continuous problem

Let Q be a simply connected bounded domain in R2 with boundary T'. Let
us recall the Euler equations for an incompressible inviscid fluid enclosed in
Q: Given g and ug find the velocity u=(uy, u;) and the pressure p such that

(13.15a) u;+u- Vui+%—=gi in QxI, 1=1, 2,
Xj

(13.15b)  div u=0 in QXI,

(13.15¢) u-n=0 on I'xI,

(15.15d) u=uy in Q for t=0,

where as usual n=n(x) is the outward unit normal to I" at xeI" and I=(0, T).
It is known that (see eg [K]) if g, up and I" are smooth and div up=0 and
ug-n=0 on I', then (13.15) admits a unique smooth solution for any T. The
problem (13.15) is an example of a nonlinear hyperbolic problem. Note that
the boundary condition u - n=0 states that no fluid particles enter or leave the
domain Q.

In this section we will briefly consider two possible ways of discretizing
(13.15) using streamline diffusion finite element methods. The first method
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is based on a reformulation of (13.15) using the vorticity w and stream function
¢y as variables while the second method is based on the velocity-pressure
formulation (13.15).

We begin by recalling (cf Section 5.2) that since €2 is simply connected and
div u=0 in Q there is a unique stream function (X, t) such that for tel

u:rotxp=(a—w, _8_11)) in Q,
£).9) X1
y=0onT.

Alternatively ¢y may be specified as the unique solution of the Poisson
equation:

—AY(.,t)=w(.,t) in Q, tel,

(13.16a)
P(.,t)=0 onT, tel,
where
wW=rot u= a_llz__a_UI_
oX1 0Oxp

is the vorticity of the velocity field u. Applying now the operator rot just
defined to (13.15a), we obtain the following reformulation of (13.15):
Find w: 2XxI— R such that

ow+u(w) - Vo=f in QxI,

(13.16b)
W=y in Q for t=0,

where f=rot g, wg=rot up and u(w)=rot ¢y, where  satisfies (13.16a). We
see that (13.16b) formally has the form (9.3) with a coefficient B=u(w)
depending on the unknown solution w. Notice that we do not have to specify
any boundary conditions for w in (13.16b) since by (13.15¢), u-n=0 on T

We shall now indicate how to extend the streamline diffusion and the
discontinuous Galerkin method of Chapter 9 to the nonlinear hyperbolic
problem (13.16).

13.4.2 The streamline diffusion method in (w, y)-formulation

Let 0=tp<t;. . .<tN=T be a quasi-uniform subdivision of I into intervals
Im=(tm-1, tm) of size h and introduce the “slabs” S=QXIy. Let further
Th={t} be a quasi-uniform finite element triangulation of € with elements
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T also of size h, and introduce for a given integer r=1 and m=1, . . ., N the
finite-dimensional spaces

(13.17)  Um={veH!(Sp): v|keP:(v)xP(I;m), VK=1X1y, T€T}},

ie, U™ consists of continuous functions defined on S, that are piecewise
polynomial in x and polynomial in t of degree at most r. We also introduce
the spaces

(13.18)  Wm={gpeH!(Sp): ¢|k€Pr+1(t)XP;(Iy)
VK=1tXlIy, t€eT}, and ¢=0 on I'xI},

ie, ¥™ consists of continuous functions on Sy, that are piecewise polynomial
in x of degree r+1 and polynomial in t of degree r. We shall further use the
following notation analogous to that of Section 9.9:

(w, v)P= [ wy dxdt,
S

<w, v>M= [ w(x, ty) v(X, ty) dx,
Q

v+(X, t)= lim v(x,t+s), [V]=vs—v_.
s— 0%

The streamline diffusion method for (13.16) can now be formulated as
follows: Find (0™, y™)eUmXW¥Y™ m=1, ..., N, such that for m=1, ..., N,

(13.19a) (@™+u™(y™)- Vo™, v+h(v+u?(ym)- Vv))™
+<[wM], vy>m~1 = (f v+h(v+um(ym) - Vv))m YveU™,
(13.19b) (Vym, Ve)"=(o™m, ¢)™ VoePm,

where ©° =y for t=0 and um(y™)=rot y™. Here and below we also use the
convention that ®™=w""! for t=ty_;.

13.4.3 The discontinuous Galerkin method in (0, y)-formulation

Let B:Q— R? be a direction field such that f-n is continuous across
interelement sides of the triangulation Ty, with normal directions n. We define
for each K=txI,, teT} with boundary 3K:

3K_(B)={(x, )€3K: n(x, t) - B(x, t)+n,(x, t)<0},
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where (n(x, t), n¢(x, t)) denotes the outward unit normal to 9K at (x, t)edK.
Further let us introduce for m=1, . . ., N, the space

Wn={vel,(Sm): v|[keP:(T)XP(I), VK=tXIpy, 1€Th},

ie, W™ consists of possibly discontinuous functions on Sy, that are piecewise
polynomial in x and polynomial in t of degree at most r. Let us also for
(x, t)edK_(p) introduce the notation

vi(x, t)= lim v(x+sn-fB, t+s), [v]=v4—v_.

s— 0%

We can now formulate the discontinuous Galerkin method for (13.16) as
follows: Find (0™, y™)eWmxWm m=1, ..., N, such that form=1, ..., N,

S {f(om™+B- VoMvdxdt+ [ [0™]vi|n-B+nds}=0
K K SK_(B)

VveWm,

(13.20)  (Vy™, V)" = (o™, @)  Vee¥T,
where f3=rot {™, Y =wy for t=0 and we sum over all K=tXxI,, with TeT},.
m

Note that since Y™ is continuous inx, f3 - n:a—— is continuous across inter-
S

element boundaries S of T}, where ai denotes differentiation along S.
S

13.4.4 The streamline diffusion method in (u, p)-formulation
For m=1, . . ., N, we introduce the velocity space
Vm={y: v=rot ¢, pe¥Pm},

and the pressure space QM=U™ where W™ and U™ are given by (13.18) and
(13.17). We observe that the functions v in V™ satisfy div v=0in Q, v-n=0
on I' and v - n is continuous across interelement boundaries.

We can now formulate the following streamline diffusion method for
(13.15): Find (u™, p™)eV™XQ™, m=1, . . ., N, such that for m=1, .. ., N,

(13.21) S{J@™+B- Vum+ Vp™, v+h(v+p- Vv+ Vq))dxdt
K K
+ [ ([um], vy)n-B+ngds}= [ (g, v+h(v+B - Vv+ Vq))dxdt
9K _(B) Sm
Y(v, q)eVmxQm,
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where f=u™m, u’=uyg for t=0 and as above we sum over K=1tXl,,, t1€Tj.

Further, (.,.) denotes the scalar product in R2. Note that although the
velocities ve V™ satisfy the incompressibility condition div v=0, the pressure
is still present in the formulation (13.21), cf (5.7). Note also that choosing v=0
in (13.21) gives the following discrete Poisson equation, with Neumann
boundary condition, for the pressure p™ in terms of u™

(Vp™, Vq)= E (g—um-B-Vum, Vq) VqeQm,

which corresponds to the following equation obtained by applying the
divergence operator to (13.15a)

— Ap=—div(g—u—u- Vu) in Q,
2

P _ 2 (gi—uji—u- Vujn; onI.

on =1

For the methods (13.19)—(13.21) one can prove global error estimates of order

r+a
O(h 2), see [JS].

13.5 The incompressible Navier-Stokes equations

The extension of the Euler equations (13.15) to the case of a viscous fluid with
viscosity u>0, ie the Navier-Stokes equations for an incompressible fluid,
reads as follows: Given g and ug find the velocity u and pressure p such that

(13.22a) uj+u- Vu+ %— —nAui=g; in QxI, i=1, 2,
i

(13.22b)  div u=0 in QXI,

(13.22¢) u-n=u-s=0 on I'xI,

(13.22d) u=uy in Q for t=0,

where s is a tangential direction to I'. We note that the boundary condition
u-n=0 in (13.15) is here supplemented by the no-slip condition u-s=0 on
I" requiring the tangential velocity to be zero on T.

The Navier-Stokes equations (13.22) are an example of a non-linear mixed
hyperbolic-parabolic system with nonlinear hyperbolic convection terms
u- Vu; and a linear elliptic viscous terms —pAu;. We will here be interested
in the case of small viscosity u in which case we meet the difficulties in
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numerical approximation discussed in Chapter 9. If p is not small, then (13.22)
is dominated by the linear viscous term and our earlier methods for Stokes
problem may be directly extended to (13.22), see [GR], [T1].

To extend the streamline diffusion method of the previous subsection to
the Navier-Stokes equation (13.22) with p small we shall introduce the
vorticity as an additional unknown. This is needed because the discrete
velocities in the velocity space V™ are not necessarily continuous in x (the
tangential velocities may be discontinuous across inter-element boundaries)
and thus it is not clear how to handle the viscous term Au. We note that if
w=rot u then since div u=0, we have

rot w= 3(3,—30—) =—Au.
2).0) )<

We now formulate the following streamline diffusion method for (13.22): Find
(u™, p™, @M eVMXQMXQM m=1, .. ., N, such that for m=1, . . ., N,

(13.23a) = { [(4™+B- Vu™+ Vp, v+d(v+f - Vv+Vq))dxdt
K K

+ § ([um], v4)n- B+ngds+p [(rot @™, v+3(v+B- Vv+Vq}dxdt
oK_(B) K

K
= [ (g, v+O(v+f - Vv+Vq))dxdt Y(v, Q) eVmxQm,
Sm

(13.23b) (rot 6, u™™=(w™, )™  VOeQ™,

where 8=Ch with C a sufficiently small positive constant and as above f=u™
and u’=u for t=0. Note that (13.23b) gives a discrete formulation of the
relation w=rot u together with the no-slip boundary condition u-s=0on I

The method (13.23) is robust, accurate, uniformly stable for O<p<h and
suitable for complicated flows. In Example 13.8 below we present some results
obtained using this method with r=1, ie, piecewise linear velocity, pressure
and vorticity. For an analysis of (13.23), see [JS]. Numerical results for (13.21)
and (13.23) are given in [Han], cf Example 13.8.

13.6 Compressible flow: Burgers’ equation

We conclude with an application of the streamline diffusion method to amodel
problem for compressible fluid flow, namely Burgers’ equation: Find u:
JXI— R such that



Ju 32u

13.24a u+u — —pu——=0 X, t)eJXxI,
( ) > Va2 (x, 1)
(13.24b)  u(0, t)=u(1, t)=0 tel,
(13.24c)  u(x, 0)=up(x), xel,

where J=(0, 1), I=(0, T), u=0 and uy is a given initial function. If p=0 then
the boundary condition u(0, t)=0 is enforced only if u(0, t)=0 and u(1, t)=0
only if u(1, t)<O, corresponding to inflow conditions. Let us use the notation
of Section 13.4.2 with now Ty= {1} a subdivision of J into subintervals T and
define

IOJ“‘:{VGU“‘: v(x, t)=0 for x=0, 1}.

The streamline diffusion method for (13.24) with u=0 can now be formulated
as follows: Find u™e loJm, m=1, . . ., N, such that for m=1, .. ., N,

. oum : ov,\™ —1_ 7m
(13.25) (um+yum Pt v+h(v+um5)-(-)) + <[um], vi>M-1=0 VveV™M,
where u®=ug for t=0. This method can be directly extended to the case
O=p=<h following Section 9.6.

One can prove (see [JSz1]) that if the finite element solutions u™ satisfying
(13.25) stay uniformly bounded as the mesh size tends to zero, then the u™
will converge to the (entropy) solution u of (13.24) with u=0. For applications
of streamline diffusion type methods to the compressible Euler and Navier-
Stokes equations, see [HFM], [HMM], [HM1], [HM2], [JSz2], [Sz]. Methods
of this type hold promise to be the first successful theoretically supported finite
element methods for compressible flow problems with potentially extensive

applications. In Example 13.9 below we give some results for (13.25) and
variant of (13.25) with shock-capturing according to Remark 9.6, see [JSz1].

Problems
13.1 Prove the following stability estimate for (13.25) for m=1, . . ., N,

umC -l F+ 2 1107 G ta-0) g

L du" 2 2
+2h X ||u?+u? — < .
n=1|’“ u 3% HLZ(S,,) HuOHLZ(I)

13.2  Extend the discontinuous Galerkin method (8.35) to (13.13). Prove
a basic stability estimate.
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13.3

13.4

13.5

13.6

Defining (U, P) on Qx(0, ty) by Uls_=u™, P|s =p™, m=1, .. ., N,
where (u™, p™) satisfies (13.21), prove the following stability estimate
in the case g=0:

UG, t)-llf @+ ={ [ |[U]Pn-U+ngds
K dK_(U)
+2h [[U+U - VU+ VPdx} < [Jugllf (q),
K

where we sum over elements K=tXxI,, teT,, m=1, ..., N.
Prove that the quadratic functional F(v)= % |[v||3 is convex, cf
Example 13.1.

Prove with the notation of Example 13.5 that there is a sequence {v;}
such that F(v;)<1 and ||vj||y— o as i— .

Prove formally that the problems of Examples 13.6 and 13.7 are
equivalent.

Example 13.8 In Fig 13.5 below we give for a cavity problem the velocities
obtained by the method (13.23) after 5, 10 and 15 time steps with r=1 (ie
piecewise linear velocities, pressure and vorticity), 8=h=At, p=1073, given
inlet velocity=1 and initial velocity=0 on a 8 X16 mesh.

Example 13.9 In Fig 13.6 below we give the result of applying (13.25) with
and without shock-capturing and with h=0.1 in a case where the exact solution
of (13.24) with p=0 consists of a rarefaction wave and a shock and J is replaced
by (-, »). The exact solution is represented by the dotted line (see [JSz1]).
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Fig 13.5 Streamline diffusion method for the incompressible Navier-Stokes equations
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Fig 13.6 Streamline diffusion method for Burgers equation
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f. Streamline diffusion method without shock-capturing and with incorrect choice of 5(6=0 and
6=100 h).
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